PERTURBATIVE INVARIANTS OF CUSPED HYPERBOLIC
3-MANIFOLDS

STAVROS GAROUFALIDIS, MATTHIAS STORZER, AND CAMPBELL WHEELER

ABSTRACT. We prove that a formal power series associated to an ideally triangulated cusped
hyperbolic 3-manifold (together with some further choices) is a topological invariant. This
formal power series is conjectured to agree to all orders in perturbation theory with two
important topological invariants of hyperbolic knots, namely the Kashaev invariant and the
Andersen—Kashaev invariant (also known as the state-integral) of Teichmiiller TQFT.
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1. INTRODUCTION

This paper concerns the topological invariance of a formal power series associated to an
ideally triangulated 3-manifold M with a torus boundary component [11]. The series is
defined by formal Gaussian integration of a finite dimensional integral (a so-called “state-
integral”) and it is expected to coincide to all orders with the asymptotic expansion of three
important topological invariants of 3-manifolds.

The first is the Kashaev invariant of a hyperbolic knot [25], where Kashaev’s famous
volume conjecture is refined to an asymptotic statement to all orders in perturbation theory
using the above formal power series. This was studied in detail in [21] based on extensive
numerical computations, but it is only proven for a handful of hyperbolic knots.

The second invariant is the Andersen-Kashaev state integral [2], whose asymptotic ex-
pansion for the simplest hyperbolic 4 knot was shown to agree with the above series in [2,
Sec.12], and also observed numerically for the first three simplest hyperbolic knots in [20].
The state-integrals of [2] are finite-dimensional integrals whose integrand is a product of
Faddeev quantum dilogarithms times an exponential of a quadratic form, assembled from
an ideal triangulation of a 3-manifold with torus boundary components. Andersen—Kashaev
proved that these are topological invariants that are the partition function of the Teichmiiller
TQFT [2, 1], which is a 3-dimensional version of a quantization of Teichmiiller space [26, 17].

A third invariant is the Chern—Simons theory with complex gauge group SLy(C) . This
theory was introduced by Witten [38] and studied extensively by Gukov [23]. Although
Chern—Simons theory with compact gauge group SU(2) has an exact nonperturbative defini-
tion given by the so-called Witten—Reshetikhin—-Turaev invariant [37, 33] and a well-defined
perturbation theory involving Feynman diagrams with uni-trivalent vertices [3, 4], the same
is not known for Chern—Simons theory with complex gauge group SLy(C). For reasons that
are not entirely understood, the partition function of complex Chern—Simons theory for
3-manifolds with torus boundary reduces to a finite-dimensional state-integral, as if some
unknown localization principle holds. The corresponding state-integrals were introduced and
studied by Hikami [24], Dimofte [10] and others [12]. Unfortunately, in those works the in-
tegration contour was not pinned down, and this problem was finally dealt with in [2] and,
among other things, implied topological invariance of the state-integrals, which were coined
to be the partition function of Teichmiiller TQFT. But ignoring the contour of integration,
and focusing on a critical point of the action, which is a solution to a system of polynomial
equations, allowed [11] to give a definition of the formal power series that are the main fo-
cus of our paper. Note, however, that the Feynman diagrams of [11] involve stable graphs
of arbitrary valency, a perturbative definition of Chern—Simons theory with complex gauge
groups would involve uni-trivalent graphs.

The above discussion points out several aspects of these formal power series and conjectural
relations to perturbation theory of complex Chern—Simons and of Teichiiller TQFT. Aside
from conjectures, this paper concerns a theorem, the topological invariance of the above
formal power series.

Let us briefly recall the key ingredients that go into the definition of the series, and
discuss those in detail in later sections. The first ingredient is an ideal triangulation 7
with NV ideal tetrahedra of a 3-manifold M with torus boundary. Each tetrahedron has
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shapes z € C\ {0,1}, 2 = 1/(1 — 2) and 2" = 1 — 1/z attached to its three pairs of
opposite edges, and the shapes satisfy a system of polynomial equations (so-called “gluing
equations” [34] or Neumann-Zagier equations [29]) determined by the combinatorics of the
triangulation, one for each edge and peripheral curve. After some choices are made (such
as an ordering of the tetrahedra and their edges, a choice of shape for each tetrahedron,
a choice of an edge to remove from the gluing equations, and a choice of peripheral curve
to include), one obtains two matrices A and B with integer entries such that (A| B) is the
upper-half of a symplectic 2N x 2N matrix, as well as a vector v € Z~. In addition, we
choose a solution z = (21, ..., zy) of the gluing equations as well as a flattening (f, f"), i.e.,
an integer solution to the equation v = Af + Bf”. The power series ®=(h) depends on the
tuple = = (A, B,v, z, f, f"), which we collectively call a NZ-datum.

The next ingredient that goes in the definition of ®=(h) is an auxiliary formal power series

¢ pk+i-1 . )
i) = o (= 3 PEEE L) € 14 mQE (- ) T ()
k(€Z>g o

This series, which differs from the one given in [11, Eq. 1.9] by a factor of exp (1—12h — %xh%),
comes from the asymptotics of the infinite Pochhammer symbol (also known as the quantum
dilogarithm)

(23 q)o0 = f[(l—qk:v) =eXp(—in(1I—_nqn)>- (2)

Explicitly, for complex numbers x and z with |z| < 1 and Re(h) < 0 we have (see [39] and
also [22, Lem.2.1])

(26 byt 1 Lip(z) Lii(2)z  Lip(2)2”

~ - h—0). (3
) () mexp < A h% 9 )%(37»2')7 ( ) ( )
Assuming that the matrix B is invertible, (i.e., that det(B) # 0), we introduce the function

- ha ha h al ,
fr(@,2) = exp (7%“ - TﬂﬁtB*lV + gftBlAf> [ ¢n(@i,2) € Q) I2],  (4)
i=1
which is the product of one quantum dilogarithm per tetrahedron (each with its own integra-
tion variable), with some additional terms coming from the NZ-datum where x = (z1, ..., zx)"
and z = (21, ..., 2n).
The last ingredient is the formal Gaussian integration [5]

- 9 0 “she g (x)d
(fi(z,2)), 5 = exp (; Z(Al)"’jax,-axJ fh(x,z)‘xzo = fefe_;xﬁ;;? L eq)[n] (5)

ij=1

of a power series fy(z,z) € Q(2)[z][hz], with respect to an invertible matrix A. Assuming
further that the symmetric matrix

A = —B'A+diag(1/(1 — z;)) (6)

is invertible, we define
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©=(h) = (f5(2,2))sa € Q()[A] - (7)

Using a solution z of the Neumann—Zagier equations that corresponds to the discrete
faithful representation ps*°™ : m (M) — PSLy(C) of a cusped hyperbolic 3-manifold M, one

obtains a series ®=(h) with coefficients in the invariant trace field of M. Our main theorem
is the following.

Theorem 1.1. ®=(h) is a topological invariant of a cusped hyperbolic 3-manifold.

A corollary of the above theorem is that every coefficient of the above series is a topological
invariant of a cusped hyperbolic 3-manifold. These topological invariants have a geometric
origin, since they take values in the invariant trace field of the manifold, and hence they are
algebraic, but not (in general) rational, numbers. This series seems to come from hyperbolic
geometry (though a definition of these invariants in terms of the hyperbolic geometry of the
3-manifold is not known), and perhaps not from enumerative quantum field theory (such
as the Gromov—Witten or any of the 4-dimensional known theories). The behavior of these
series under finite cyclic coverings of cusped hyperbolic 3-manifolds is given in [19], and the
formulas presented there (e.g., for the coefficient of A%) point to unknown connections with
the spectral theory of hyperbolic 3-manifolds.

The proof of our theorem combines the ideas of the topological invariance of the Andersen—
Kashaev state-integrals [2] with those of the Aarhus integral [4]. We briefly recall that the
building block for the state-integral is the Faddeev quantum dilogarithm, the state-integral
is a finite-dimensional integral of a product of Faddeev quantum dilogarithm [15], one for
each tetrahedron of an (ordered) ideal triangulation. Aside from elementary choices, two
important parts in the proof of topological invariance of the state-integral is invariance
under (a) the choice of a nondegenerate quad, and (b) 2-3 ordered Pachner moves, the latter
connecting one ideal triangulation with another. In [2], (a) and (b) are dealt with a Fourier
transform and a pentagon identity for the Faddeev quantum dilogarithm.

The power series ®=(h) is given instead by a formal Gaussian integral (as opposed to
an integral over Euclidean space), where the building block is the formal power series v,
instead of the Faddeev quantum dilogarithm. The topological invariance of the ®=(h) under
the choice of quad and under the 2-3 Pachner moves follows from a Fourier tranform identity
and a pentagon identity for ¢;; see Theorems 3.4 and 3.6 below. Although these identities
are, in a sense, limits of the corresponding identities for the Faddeev quantum dilogarithm
(just as vy is a limit of the Faddeev quantum dilogarithm), it would requires additional
analytic work to do so, and instead we give algebraic proofs of theorems 3.4 and 3.6 using
properties of the formal Gaussian integration, together with holonomic properties of the
involved formal power series.

Having discussed the similarities between the proof of Theorem 1.1 and the corresponding
theorem for the state-integral of [2], we now point out some differences. In [2], Andersen—
Kashaev use ordered triangulations, and the state-integral is obtained by the push-forward
of a distribution with variables at the faces and the tetrahedra of the ordered triangulation.
Part of the distribution is a product of delta functions in linear forms of the face-variables.
In our Theorem 1.1, and in the formal Gaussian integration, we carefully avoided the need to
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use delta functions, although such a reformulation of our results are possible, with additional
effort.

We end this section by pointing out a wider context for the asymptotic series ®=(h) and
Theorem 1.1. It was clear from [11] that a NZ-datum = = (A, B,v, z, f, f”) depends on
two square matrices A and B such that AB! is symmetric that may or may not come from
topology, and that the series ®=(h) is defined under the assumption that det(B) # 0 and
det(A) # 0. Doing so, the proof of Theorem 1.1 shows that the series ®=(h) is invariant
under the moves that appear in [21, Sec.6]; see also Section 4.

2. PRELIMINARIES

2.1. The Faddeev quantum dilogarithm. In this subsection, we recall some basic prop-
erties of the Faddeev quantum dilogarithm, which are motivations for Theorems 3.4 and 3.6
below. At the same time, we will ignore additional properties of the Faddeev quantum dilog-
arithm that play no role in our paper, such as the fact that it is a meromorphic function
with precise zeros, poles and residues.

The Faddeev quantum dilogarithm [15] ¢ := &, satisfies a key integral pentagon iden-
tity [16]

TIG(2) Bly) = /}R 7 B — 2)F(2)F(y — 2) da 8)

where both sides are tempered distributions on R and ¢ denotes the distributional (inverse)
Fourier transformation

B(a) = /}R () dy . (9)

It turns out that the inverse Fourier transform of ¢*! is expressed in terms of ¢ as given
in [2, Sec.13.2]

/ 6727rimyg0(y) dy — <8(q/ai)i€77rix2gp(_$ + Cb)
R o (10)
/]Re_meySO(y)_l dy = cg_l(a/Q)ﬂGMIQSO(x — Cb)

where ¢ = 2™ § = ¢=2mi/b* o — i{(b+b7') and (s = €*™/%. The Faddeev quantum
dilogarithm satisfies the inversion formula

p(2)p(—x) = (q/q)1 ™ (11)

see for example [2, App.A]. In a certain domain, the Faddeev quantum dilogarithm is given
as a ratio of two Pochhammer symbols

1 .
(_q§€27rzbz; Q)oo
(_§%€2wib*1x;~)oo ’
from which it follows that its asymptotic expansion as b — 0 is given by replacing the

denominator by 1 and the numerator by the asymptotic expansion of the Pochhammer
symbol.

(I)b(l‘) =

(12)
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2.2. Neumann—Zagier data. In this section, we discuss in detail Neumann—Zagier data
following [11]. We start with a 3-manifold M with torus boundary component (all manifolds
and their triangulations will be oriented throughout the paper) equipped with a concrete
oriented ideal triangulation, that is with a triangulation such that each tetrahedron A of T
comes with a bijection of its vertices with those of the standard 3-simplex. (All triangulations
that are used in the computer programs SnapPy [8] and Regina [7] are concrete).

Every concrete tetrahedron A has shape parameters (z, 2/, z”) assigned to pairs of opposite
edges as in Figure 1, where the complex numbers 2/ = 1/(1 — z) and 2" = 1 — 1/z satisfy
the equations

4t =1, 22/2 = —1. (13)

FIGURE 1. The shapes of an ideal tetrahedron.

If 7 is a triangulation as above, an Euler characteristic argument shows that the number
of tetrahedra equals to the number of edges. Fix an ordering of the tetrahedra A; for
Jj=1,...,N and of the edges e;,...,ex of T, and assign a shape z; to the tetrahedron A;
for j =1,..., N. To describe the complete hyperbolic structure of M (when it exists) and its

deformations, Thurston [34] introduced the gluing equations for the variables z = (zy,. .., z2x)
around each edge e;, for i = 1,..., N. In logarithmic form, these equations have the form
N
Z Gijlog z; + G jlog 25 + G ;log 2} = 2mi, (i=1,...,N) (14)
j=1

where G;; (and likewise for G ; and G7 ;) denote the number of times that an edge of A;
labelled z; winds around the edge e;. Every peripheral curve 7 in the boundary also gives
rise to a gluing equation of the same form as (14), except the right hand side is 0 instead
of 2mi. Choosing a symplectic basis for H;(OM,7Z), we can enhance the equations (14) by
adding the peripheral equations

N
Z GNyiejlogz + Gy, ilog 2 + Gy, jlog 2] = 0, (c=1,2). (15)
j=1

It turns out that the (N+2)x N matrices G, G' and G” have both symmetry and redundancy.

Any one of the edge equations is implies by the others, and we make a choice to remove one

of them, and replace it by one peripheral equation for a fixed peripheral curve, resulting



PERTURBATIVE INVARIANTS OF CUSPED HYPERBOLIC 3-MANIFOLDS 7

into N x N matrices G, G' and G”. Using the second Equation (13) in logarithmic form
log 2; + log 2 + log 2§ = mi, we can eliminate one of the three shapes of each tetrahedron
(this is a choice of quad). For example, eliminating the shape 2} for j = 1,..., NV then results
into a system of equations

N
> Aijlogz+ Bijlogz) = wiv (i=1,...,N) (16)

j=1
where
A=G-G, B =G'-G (17)

are the Neumann—Zagier matrices [29] and v = (2,...,2,0)! — G/(1,...,1,1)! € Z¥. The
Neumann—Zagier matrices (A | B) have an important symplectic property, they are the upper
part of a symplectic matrix over Z[1/2] (and even a symplectic matrix over Z if one divides
the peripheral gluing equation by 2 while keeping the integrality of its coefficients) [29]. It
follows that AB? is symmetric, that (A | B) has full rank, and that one can always choose a
quad such that B is invertible—for this see [11, Lem.A.3].

A further ingredient of a Neumann—Zagier datum is a flattening, that is a triple (f, f/, f)
of vectors in Z" that satisfy the conditions

FHF+L =, 1) GI+G G =(2,...,2,0). (18)

Using our choice of quad, we can eliminate f’ and thus obtain a pair (f, f”) of vectors in Z~
that satisfy the condition

Af+Bf"=v. (19)

This defines all the terms that appear in a NZ-datum = = (A, B, v, z, f, f”). The definition of
the series ®=(h) requires a nondegenerate NZ datum =, that is one that satisfies the condition
det(B) # 0, which as we discussed above, can always be achieved, as well as the condition
det(A) # 0. We discuss this choice next, and connect it to the geometric representation of a
hyperbolic 3-manifold M.

We end this section with a comment regarding Neumann-Zagier data of 3-manifolds
with several (as opposed to one) torus boundary components. Their ideal triangulations
with equal number N of tetrahedra as edges and the edge gluing equations have the same
shape (14) as above. If r denotes the number of boundary components, then there are 2r
peripheral equations (15) and after a choice of one peripheral curve per boundary compo-
nent, this leads to (N + r) x N matrices G, G’ and G”. The edge gluing equations have
redundancy, and although it is not true that we can remove any r of them, it is shown in [18,
Sec.4.6] that one can remove r of them and and replace them by r peripheral equations so
as to obtain N x N matrices G, G’ and G” such that the corresponding matrices (A | B)
defined in (17) have the same symplectic properties as in the case of » = 1. Moreover, any
two choices of removal of the r edge equations are related to each other by an invertible
matrix in GL,(Z). Finally, flattenings satisfy Equations (18) where the right hand side of
the second equation is the vector (2,...,2,0,...,0)! € Z¥*" with the first N coordinates
equal to 2 and the remaining r coordinates equal to zero.
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For simplicity in the presentation (related to the choice of peripheral curves and the
flattenings), we will give the proof of Theorem 1.1 assuming that the 3-manifold M has one
cusp. The proof applies verbatim to the general case of arbitrary number of cusps.

2.3. Geometric aspects. In this section, we discuss some geometric aspects of Theorem 1.1
related to the choice of the shapes z in a Neumann—Zagier datum. Let us fix an ideal
triangulation 7. A solution z € (C\ {0,1})" to the Neumann—Zagier equations gives rise,
via a developing map, to a representation p, : w1 (M) — PSLy(C). For a detailed discussion,
see the appendix of [6]. However, not every representation p : m (M) — PSLy(C) is “seen”
by 7, that is, is in the image of the map z — p,. What’s more, if p is in the image of the
above map and we do a 2-3 Pachner move on the triangulation, it may no longer be in the
image of the map corresponding to the new triangulation. The reason is that the shapes
of the two triangulations are related by a rational map, which may send a complex number
different from 0 and 1 to 0, 1 or oo. To phrase the problem differently, every two ideal
triangulations (each with at least two tetrahedra, as we will always assume) of a 3-manifold
with non-empty boundary are related by a sequence of 2-3 Pachner moves [28, 32]. However,
it is not known that the set of ideal triangulations that see the discrete faithful representation
o™ = (M) — PSLy(C) is connected under 2-3 Pachner moves, nor is it known whether
the set of nondegenerate N7 data is connected under 2-3 Pachner moves.

A solution to these issues was found in [11], and this was used to prove the topological
invariance of the 1-loop function, and was also used in [18] to prove the topological invariance
of the 3D-index. Let us recall the geometric details here. FEvery cusped hyperbolic 3-
manifold M (complete, finite volume) has a canonical ideal cell decomposition whose cells
are 3-dimensional convex ideal polytopes given by Epstein—Penner [13]. Tt is easy to see that
every convex ideal polyhedron can be triangulated into ideal tetrahedra by connecting an
ideal vertex to all other ideal vertices (thus reducing the problem to the ideal cone of an
ideal polygon), and then triangulating further the ideal polygon into ideal triangles. Doing
so, the triangulation of the common faces of the 3-dimensional convex ideal polytopes may
not match, in which case one can pass from one triangulation of a polygonal face to another
by adding flat tetrahedra.

The question is whether every two such triangulations are related by a sequence of 2-3
moves. This is a combinatorial problem of convex geometry, which we summarize below.
For a detailed discussion, the reader may consult the book [9] and references therein.

Fix a convex polytope P in R%. One can consider the set of triangulations of P. When
d = 2, P is a polygon and it is known that every two triangulations are related by a sequence
of flips. For general d, flips are replaced by geometric bistellar moves. When d > 5, it is
known that the graph of triangulations (with edges given by geometric bistellar flips) is
not connected, and has isolated vertices. For d = 3, it is not known whether the graph is
connected.

The situation is much better when one considers reqular triangulations of P. In that case,
the corresponding graph of regular triangulations is connected and, in fact, it is the edge
set of the secondary polytope of P. When d = 3 and P is convex and in general position,
then the only geometric bistellar move is the 2-3 move where the added edge that appears
in the move is an edge that connects two vertices of P. When d = 3 and P is not in general
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position, the same conclusion holds as long as one allows for tetrahedra that are flat, i.e., lie
on a 2-dimensional plane.

Returning to the Epstein-Penner ideal cell decomposition, let 7FF denote a regular ideal
triangulations of the canonical ideal cell decomposition of M. (For a detailed discussion of
this set, see also [18, Sec.6]). The set {TEF} of regular ideal triangulations is connected
by 2-3 Pachner moves. Moreover, such triangulations see p%°°™ since by the geometric
construction, the shapes are always nondegenerate, i.e., not equal to 0 or 1 and in fact
always have nonnegative (though sometimes zero) imaginary part.

Finally, we need to show that det(A) is nonzero. This follows from the fact that
det(B) det(A) = det(—A + Bdiag(1/(1 — z;)) equals (up to multiplication by a monomial in
z and 2”) to the 1-loop invariant of [11, Sec.1.3]. The nonvanishing of the latter follows from
Thurston’s hyperbolic Dehn surgery theorem [34], which implies that pg™ € X5 U Py is
an isolated smooth point of the geometric component X§;*" of the PSLy(C)-character variety
of M, intersected with the locus Py; of boundary-parabolic PSLy(C)-representations, i.e.,
representations p satisfying tr(p(7))? = 4 for all peripheral elements v € 7;(M). Since the
1-loop invariant is the determinant of the Hessian of the defining NZ equations of ps°°™ it
follows that the 1-loop invariant is nonzero.

3. FORMAL GAUSSIAN INTEGRATION

3.1. Basics on formal Gaussian integration. In this section, we review the basic prop-
erties of formal Gaussian integration, which is a combinatorial analogue of integration of
analytic functions. This theory was introduced and studied in detail in [4], where it was
used to define a universal perturbative finite type invariant of rational homology 3-spheres,
and to identify it with the trivial connection contribution of Chern—Simons perturbation
theory.

As a warm-up, the formal Gaussian integral of a monomial 2" in one variable with respect
to the quadratic form \ # 0 is defined by

A2(n — 1)1 n even
" = 20
(&) {O newn (20)

When A > 0, then the above bracket equals to a normalized Gaussian integral
f]R e~ 37 g
_ 12
Jre 2N da
explaining the naming of formal Gaussian integration. The formal Gaussian integration can

be extended by linearity to (f(z)), for any polynomial f(z), or even further to a power
series f(z) = > <, anx™ whose coefficients tend to zero in a local ring (such as the ring
QA1)

The formal Gaussian integral (20) has a multivariable extension given in Equation (5)
where z is a vector of variables and A is an invertible matrix over a field matching the size of
x. Throughout this paper, the entries of A are elements of the field Q(z) where z is a vector of
variables, the integrable functions f;(z, z) that we apply the formal Gaussian integration with
respect to  with be elements of Q(z)[z][A2], and the result of formal Gaussian integration

(@")n = : (21)
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will be an element of the ring Q(z)[A] or Q(z)[z][A2]. When we specialize to the case of a
vector of algebraic numbers z, then QQ(z) defines the corresponding number field.

Just like integration of sufficiently smooth functions satisfies certain invariance properties
(such as change of variables, iterated integration, and even integration by parts [4]), so does
formal Gaussian integration. The corresponding identities of formal Gaussian integration
are combinatorial statements about polynomials or rational functions and often follow from
the corresponding statements of integration of functions.

We now give some elementary properties of formal Gaussian integration that we will use
in our paper.

Lemma 3.1. (a) For all invertible matrices A and P over Q)(z), we have
<fh(PI7Z)>m,PtAP = <fh(x7z)>x,A . (22)

(b) For all invertible matrices A and vectors G over QQ(z), we have

GtAGh) (2o (23)

(c) If A= (é‘i g), and A and A invertible, then for any F, we have

e 7 FA'F - "yt "
<exp(F:c h2) fr(x ,z)>mA = exp (Th) <exp(—FA 'Ba"h?) fi(x ,z)>

(exp(—G'AZhE) fulz + GH3, 2))an = exp (

2" C—BtA-1B
(24)

Proof. Part (a) follows from the fact the integration is unchanged under a linear change of
variables.

Part (b) follows from the fact the integration is unchanged under an affine change of
variables.

Part (c) follows from Fubini’s theorem [4, Prop.2.13], combined with Equation (23). O

The next lemma, which will be important in the application of g-holonomic methods in
Section 3.2 and in the proofs of Theorems 3.4 and 3.6 below, concerns the behavior of formal
Gaussian integration when z = (21, ..., z,) is shifted to ez := (et"zy, ..., e"2,) for integers
Ej-

Lemma 3.2. For all invertible matrices A(z) over QQ(z) and all integrable functions f;, we
have

ot Alehs 2t (A(2) — A(e2))x
<fh($, Z>>I7A(z)’z,_>eshz = %/(\(2))< exp ( ( ( ) 2A( )) )fh(x’ 66h2)>x7/\(z) .
(25)

Proof. The lemma follows from recentering the Gaussian after multiplying z by e". U

3.2. g¢—holonomic aspects of ;. It is well-known that identities of holonomic functions
can be proven algorithmically [36, 31]. We will use these ideas, adapted to our needs,
to prove fundamental identities between certain Gaussian integrals involving the building
block exp(t);) of our series ®=(h). Since 1, is related to the infinite Pochhammer symbol
given in Equation (2), its functional equations will be of fundamental importance. From its
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definition, it is clear that the infinite Pochhammer symbol satisfies a simple first order linear
g—difference equation

(77¢)0 = (1 —2)(q7; q) oo - (26)

To convert this into an identity of formal h-series where ¢ = €”, we use the fact that there is

an action of the quantum plane (also known as ¢—Weyl [14, Ex. 1.7] algebra) on the space
Q(2)[x][#2] of integrable functions by an action on the z-variable given by

(Lfp)(x,2) = falz,e2), (M fi)(z,2) = e fu(x,e2) (27)
where LM = gM L. The next lemma asserts that the completion 1;5(3:, 2)
~ Lis(z Lii(z)x  1_. Lig(z)2?
Up(z,2) 1= exp (— 271( ) — 17;) + §L11(z) — O(T))wh(x,z)
Bk :Eé hk+§_1 .
= on(= Y T L) (28)
k€750

bele) Lilh(f 4 i) - P o b

€ exp <—

of Yn(z, 2), as well as Yy(x, z) itself, satisfy a corresponding first order linear g—difference
equation, albeit with complicated coefficients.

Lemma 3.3. (a) We have:

-~

Up(z,e'z) = (1— zemm) 125(1:, z). (29)

(b) We have:

1_ b
wh(x,ehz) = (1- zeml/Z)wﬁ(x,z) . =
—z

Liy(elz Lis(z Liy(e"2)x  Lij(z)z 1. 1_.
xexp( 2(71 ) _ 271()4— 1<h§) — lh(%) +§L10(ehz)x2—§L10(z)a:2).

(30)

Note that the identity (29) takes place in a larger ring, which includes the symbols

eXp( Ligh(z) ) 7 eXp( Lij (2)z ) 7 eXp( Lig (27;)352 ) Lig (2z);r2

T and exp( ) which one can adjoin in the differential
field Q(2)((h)) as is standard in differential Galois theory of linear differential equations [35].
The symbols Lig(z) for £ = 0,1,2 can be interpreted as normalized solutions to the linear
differential equations z<L Li(z) = Liy_1(2) with Lig(z) = z/(1 — 2) and satisfy the usual
properties Lij(e"z) = 3°0 L Li,_.(2)A". On the other hand, the coefficients in identity (30)

r=0 r!

are elements of the ring Q(z)[z][A2].

Proof. Part (a) can be proved directly using the facts that for the Bernoulli polynomials
B, (z) we have B,(1) = B, + 0,1 and B,(z) = Y_;_, () Ba—ra". Applying these identities we
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find that )
B xﬂhk+§—1 '
exp ( — Z kﬁ'—k' ng_k_g(zeh)>
kleZ>o o
. P\ olhral
= exp ( — Z Z Bk (l{;) T LIQ_T_g(Z)>
T,EGZZO k=0

Br 1 méhr+§fl .
= exp(— Z ( >€!T! LlQ—r—£(2)> (31)
T’,EEZZO

1/2 B, ghr+%_1
= exp ( — Lij (ze™" ! ) — Z i Lig,r,g(2)>

0!
T‘,KEZZO
-1
Bl/2 B,,x h' Tz .
= (1 —ze" )exp(— Z Tng_r_g(z) .
T,@EZZO o

Part (b) follows from (a), using Equation (28) and expanding in % to find that

—elz iz (elz ia(z i1 (el2)z i1(z)zx 1
o e (M2l LRG| Bnlee & Ly e L) @t (32)

h hz
]

Nl

We end this section by discussing a useful relation between ¢y,(x, z) and its specialization

at © = 0. It is easy to see that the completion th(x, z) of iy(x, z) is regular at x = 0 and

satisfies
-~ 1/2

Un(x,2) = ¥p(0, ze™

This implies a corresponding statement

Ui, 2) = y(0, 2™ ) Ci(, 2), (34)

)- (33)

for vy, where

hs ! 1 h?
Ci(z,z) = exp <— Z ——Lig g(2)a" + =) — Lil_g(z)xé>

Il 2 il
>3 >1
1
B Liy(ze™?)  Lis(z) log(l— 2) z a2 (35)
= exp ( 3 + 3 h% T+ T

— %(log(l — zeZh%) —log(1 — Z») :

3.3. Fourier transform of ;. In this section, we prove two functional identities for
(e, 2), Yp(e,2') and 1y(e, 2") where 2/ ;= 1/(1 — z) and 2" := 1 — 1/z are related to
the Z/3Z-symmetry of the shapes of a tetrahedron, and reflect the Z/3Z-symmetry of the
dilogarithm function.

The next theorem is a formal Gaussian integration version of the Fourier transform of the
Faddeev quantum dilogarithm given in Equation (9). The proof, however, does not follow
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from the distributional identity (9), and instead uses g-holonomic ideas and the basics of
formal Gaussian integration.

This theorem and its Corollary 3.5 are used in Section 5 to show that the power series
®=(h) are independent of the choice of a nondegenerate quad.

Theorem 3.4. We have:

h xz \ h Tz 1
— e oo e 36
Yn(, 2) ¢ 24<eXp<<y+l—z> Q)wh<y+l—z’l—z)>y,1z—1 (36)
in the ring Q(2)[z][hz].
In fact, both sides of of Equation (36) lie in the subring Q[z*, (1 — 2)~][z][h2].

Proof. 1t it clear from the definition that both sides of Equation (36) are elements of the
ring Q(z)[z][R]. First, we will prove the specialization of Equation (36) when z = 0, i.e., we
will show that

n(0.9) = e hiew (Sn) i) | Q). (1)

To prove this, we will combine g-holonomic ideas with formal Gaussian integration. From
: —1

Equation (29), we see that the left hand side of Equation (37) multiplied by e"p(%\/éj)h)

satisfies a simple first order g—difference equation. We want to show the same for the right

hand side. To do this, consider the function

2 log(w v log(z I\ ~
Lon(w, z) = w™me™ 2T E exp <log(w) (— % + % - % + 5)) (0, w) (38)

which is an element of a larger ring discussed in relation to @/b\h of Equation (28). Using

Equation (34) and the symmetry
1 1 ?
Lis(z) = Lis <1—> b log(1 — 2)? + milog(1 — z) — log(2)log(1 — 2) — % (39)
-z

of the dilogarithm [39], it is easy to see that the right hand side of Equation (37) is given by

<\/—_26Xp <L125(Z) +(1- z‘l)w—2>10ﬁ( e Z) >w,1_zl ' (40)

SIS

2 1—=z
The function I, satisfies the linear g-difference equations
Lnp(€w, 2) = —e™w ™27 (1 — w) Lyu(w, 2),
Lnn(w,€"2) = w ' Lyp(w, 2), (41)
Lyn(w, z) = whyp(w, 2),

which imply that
_ 1 1/2 1 1/2
1—e ™I, ( whl/2+h ) _ Im( wh h > 49
(I—e™2) n ¢ V2 ¢ ez (42)
If we multiply both sides of (42) with the factors from Equation (40) and take the bracket of

both sides and apply Lemma 3.1 and Lemma 3.2 to change coordinates and the Gaussian, we
find that when m = 0 both sides of Equation (37) satisfy the same g—difference equation (29).
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Moreover, it is easy to see that both sides of Equation (40) are power series in h with
coefficients rational functions of z of nonpositive degree, thus we can work with the ring
Q[z7'][7] instead. In this case, the Newton polygon of this first order linear g-difference
equation implies that it has a unique solution in Q[z~'][%] determined by its value at z = oc.
Therefore, the identity in Equation (37) follows from its specialization at z = co. Since

h

¥p(0,00) = exp (E)’

o (31, = o7 (o (3)),, = ()

this completes the proof of Equation (37).

(43)

Going back to the general case of z, Equation (36) follows from Equation (34) together
with (37) using Lemma 3.2 to shift the Gaussian and Lemma 3.1 to change integration
variable via the transformation

1 1—
wHw—glog( © ) ’ (44)

> 1—zeoh ) 1— 717
The detailed calculation is given in Appendix A. O
Theorem 3.4 implies the following identity relating (e, z) and (e, 2”).

Corollary 3.5. We have:
— e Ty __r g
wie) = (oo (S wl- o)) @
in the ring Q(z)[z][Az].

Proof. Apply Equation (36) to the v, that appears on the right hand side of the same
Equation (36). Then apply a change of variables and Fubini’s theorem of Lemma 3.1 to
calculate the bracket for the variable that doesn’t appear in the argument of the remaining

Y. O

3.4. Pentagon identity for ¢;. In this section, we prove a pentagon identity for the func-
tions (e, z) where z takes the five values

[21] + [22] = [z125 %] + [20] + [2225 1], 20 = 21+ 22 — 2129 (46)
what appear in the 5-term relation for the dilogarithm. The next theorem is a formal Gauss-
ian integration version of the pentagon identity (8) of the Faddeev quantum dilogarithm and
will be used in Section 6 to prove that the series ®=(5) is independent of 2-3 Pachner moves.
Let us denote
(21 + 20 — 2122)?

§ = 2+ Li D 4 Li Li = . A7
+ Lig(212 ) + Lio(20) + Lio (227 ) (=) (=) (47)
Theorem 3.6. We have:
_h TZo + Yz _
Un(w20) Uy, 22) = e (= w -y T )
’ (48)

Tzy + Yz Tz + Yz _
20 20 w,0
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in the ring Q(21, 2)[, y][h%].

Proof. 1t is clear from the definition that both sides of Equation (48) are elements of the ring

Q(z1, z2)[x, y] [[h%]] To prove this, we follow the same approach we used to prove Theorem 3.4.
First, we prove the identity (48) when v = v = 0, i.e., we will show that

Un(0,21) Un(0,22) = €2 (Wn(—w, 212 ") Unl(w, 20) Yn(—w, 2225 1)), 5 (49)

in the ring Q(z1, z2)[A] and to prove this we will again use g-holonomic methods. To do so,
consider the function

2 _ ~ ~ ~
Im,ﬁ(zl7227z> = eﬁ_ﬂzmwh((],212_1)¢h(07z)¢h(07222_1)

log(21)log(za) | log(2)log(z1) | log(2)log(z) log(z)*
h * h * h - h )

which is again an element of a larger ring discussed in relation to @Eh of Equation (28). Using
Equation (34) and the five term relation for the dilogarithm [39], it is easy to see that the
right hand side of Equation (49) is given by
V/ 1— 1— Li Li )
< 2125 21)( 2) exp ( ir(21) I ip(22)

2 wh'/?
02 Ion(1, 22, > . (51
21+ 29 — 2129 h h + 22 ) 0’h(21 2, 20€ ) w,d ( )

The function 1, ; satisfies the system of linear ¢-difference equations

(50)

xexp(—

Inn(€'21,20,2) = 225 (1 — 2127Y) Lu(21, 22, 2)

Lnp(21,€"20,2) = 227 (1 — 2027 1) Lu(21, 22, 2) (52)
Lnn(21,20,€"2) = (1 —2) legz_ze(m_l)hlm,h(zl, 29,72),

L1 n(21,220,2) = 2 Lnu(21, 22, 2),

which can be derived from Equation (29). In fact, the function I, 5 is holonomic of rank 1,
a fact that we will not use explicitly [31]. Therefore, we see that

Inn(ef21,22,2) = 25 i1 n(z1,22,2) — 2125 " (21, 22, 2)

1/2
In(e"z1, 22, (€"21 + 20 — €' z129)e™ )

_ 1/2 _ 1/2
= 2y Mg (21, 22, (€21 4 22 — €f12122)e" ) — 2125 M (21, 22, (€21 4 22 — €fiz122)e ), (53)

1/2
I n(21, 22, (21 + 22 — z122)e*" 7 TH)

zh1/2 251/2

= zlzge(mfl)hfm_g,h(zl,z%(z1 + 22 — z122)€ ) 72122€<m71)h1m_1’ﬁ(21722,(Zl + 20 —z122)€ ).

Let us define jmﬁ and J,, ; by the equation

~ 1

Lis(z Lis(z
Jm,h(zlaz2> = - 2( 1) - 2( 2)

NE A (=% h
Varze(1—21)(1 — z9) 5 wnl/?
< Z1+ 20 — 2129 exp <§Z >Im,h(zl, %2, %0¢€ )>

If we multiply both sides of the Equations (53) with the factors from Equation (51), take
the bracket of both sides, and apply Lemma 3.2 to change coordinates and the Gaussian, we

)Jm,h(zl, 22)
(54)

w,0 ’
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find that j%’m(zl, 29) satisfies the g—difference equations

jmﬁ(ehzl, Z9) = z;ljerLh(zl, 29) — zlzgljm n(z1, 22) ,
jmyh(zl, e'z) = zl’ljerl,h(zl, 29) — zflzgjm w21, 22) , (55)
jmﬁ(zl,ZQ) = lege(m_l)hjm_m(zl,@) — 2y zpem DR Jm 1421, 22) -
From these relations we can derive the equations
0 = (2 — 7M™ 4 22e(m+Dh _ zl)jmﬁ(zl, 22)
+ (3122€(m+1)h — 2+ qu)jm,h(ehzl, Z2) + ZQjm,ﬁ(62ﬁZ17 22) ) (56)
0 = (25 — 2TV 4 22e(m+Dh _ ZQ)j\mﬁ(zl, 29)
+ (zpz ™R _ 2 4+ ng)jm’;,,(zl, ezy) + le\mﬁ(Zl, e?2,) .
These g-difference equations give rise to equations for .J,,  given by
0 = (21 — z1e" + 22" — 21) I n(21, 22)
+ (212" — 25 + g21) 11_——;; . (le(z1) hle(e Zl)>Jm,h(6hZ1722)
. 11__—(;321 N <L12(Z1) hle(e Zl))meh(e%Zl’ %), .
0 = (20 — zpe" 4 22" — 29)Im.n(21, 22)

+ (2021€" — 21 + q22)

1— Z9 LiQ(ZQ) — Liz(ehZQ) A
Toan P () )

[ 1—=z Lis (2 Lis(e?'z
+ 21 1——(327722€XP< 2( 2) 7 2( 2>)ijh(21,€2h22).

These equations are also satisfied by the left hand side of Equation (49), which follows from
repeated application of Equation (30).

It is easy to see that both sides of Equation (49) are formal power series in h with co-
efficients rational functions of (21, 23) of nonpositive degree with respect to both z; and
2y, thus their coefficients embed in Q[z;', 2, '], and it suffices to prove (49) in the ring
(Q[[zf , 2y 'J[R]. In this case, we consider the linear ¢-difference equations (57) over the ring
Q21" 2 'J[R]. Looking at the corresponding Newton polytopes, the leading monomials
that appear as coefficients of this ¢-difference equation (57) at oo are 22(1 + O(z;1)O(2Y))
and 2225(1 4+ O(z;1)O(2Y)) for the first equation, and 22(1 + O(29)O(z; ")) and z,22(1 +
O(29)O(2z, 1)) for the second equation, respectively. The structure of these monomials
and their Newton polytopes shows that there is a unique solution to these equations in
Q[z Y, 25 ][R] determined by the value at z; = z, = oco. Therefore, the identity in Equa-
tion (49) reduces to its specialization at z; = 25 = 0o0. Since

h

¥p(0,00) Y(0,00) = es  and

6_2%<¢h(—w,0)2 Yn(w, OO)>w5 = 6_2%<6Xp <_ - @> >w6 - 6%7

)
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this completes the proof of Equation (49).

Going back to the general case of x,y, Equation (48) follows from Equation (34) together
with (49) using Lemma 3.2 to shift the Gaussian and with a change of integration variable

1 21+ 29 — 2122 xrz1 + Yzo
W w _% log (Zlemlhl/2 + z2ex2h1/2 _ zlz2e(r1+x2)ﬁ1/2 tr+y-— Z—O : <59)
The detailed calculation is given in Appendix B. O

3.5. Inversion formula for v;. In this section, we give an inversion formula for 1; analo-
gous to the inversion formula (11) for the Faddeev quantum dilogarithm. Although we will
not use this formula explicitly in our paper, we include it for completeness.

Lemma 3.7. We have:

1 — »1 —xzht/? h% h
¢h(x7 Z)%l/}h(_x’ 1/2) = &Xp ( - x2 + E)v (60)
~ ~ V= 2 B
¥r(0, 2)YR(0,1/2) = . Z exp (g_h + % log(—2)* + E) ) (61)

Proof. These formulas all follow from the well-known inversion formulas for the polyloga-
rithms (see for example [30]):

w2 1

Lis(2) + Lia(1/2) = e ilog(—z)Q,
Lij(z) — Liy(1/2) = —log(—2), (62)
Li_,(2)+ (=1)"Li_,(1/2) = 0 (n>0).
Using these relations, we have
—~ ~ By, BT . .
(0, 2)15(0,1/2) = exp <— Z X (Lis—x(2) +L12_k(1/z))>
k€Z>g (63)
V—z w2 s R
= — + —log(— — .
11— P (6h * o5 los(=2)"+ 12)
Similarly, we find that
1 — zle—ah'/?
Un(z, Z)T%(—% 1/z)
By 2 phts—1 ' .
= exp (— Z W<L12_k_€(z) -+ (_1)k+Z ng_k_g(l/Z)) (64)
k,L€750
k+g>1
ch: T
- o ( TR E) '

Notice that this is exactly the factor that appeared in the remark after Equation (1), which
gave the relation between the v, used in the current paper and the ones used in [11,
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Eq. 1.9]. Indeed, ﬁ@bh(—x, 1/2)7! is exactly the series used in [11] where the factor
1—2—1

PEpp— amounts to swapping the sign of B; as done there. [
—2z e—$ 0

4. ELEMENTARY INVARIANCE PROPERTIES

In this section, we review some basic choices needed to define the the Neumann-Zagier
data for a triangulation with N tetrahedra, namely:

(a) an ordering of the N tetrahedra,

(b) an ordering of the N edges,

(c) an edge equation to remove,

(d) a path to represent the meridian curve,
(e) a flattening.

A change of these choices changes the corresponding Neumann—Zagier data in a simple way,
which we now describe. Fix a triangulation and the choices needed to define Neumann—Zagier
data

= = (A, B,z f, ). (65)

Regarding choice (a), suppose that o € Sy is a permutation (and also the associated matrix)
of our labelling of the tetrahedra. Then the Neumann—Zagier matrices transform as follows

E = (A B,v,z2 f,f")— (Ao, Bo,v,0 'z, 07 f,o7 f") = E-0. (66)

This implies that the integrand f7(x, z) of Equation (4) and the quadratic form A of Equa-
tion (6) satisfy
feonlo™le,072) = fE(a,z)  ATT = 'A%, (67)

which combined with the fact that integration is invariant under a linear change of variables
(see part (a) of Lemma 3.1), implies that ®=7(h) = ®=(h).

Choices (b), (c) and (d) are a special case of the following transformation of P € GLy(7)
acting on Neumann—Zagier data via

= = (A B,z f,f")— (PA PB,Pv,z f ") = P-=. (68)
It follows that the integrand and the quadratic form satisfy
fi S(w,2) = filz,z),  ATS = A%, (69)

which implies again that ®=7(h) = ®=(h).
Finally, if Z and Z differ by a choice of flattening, then it is easy to see that

fo(x,2) = eMfE(x,2),  AF = A% (70)

for some ¢ € $Z, which implies that D=(R) = eh E(h).



PERTURBATIVE INVARIANTS OF CUSPED HYPERBOLIC 3-MANIFOLDS 19

5. INVARIANCE UNDER THE CHOICE OF QUAD

The definition of the series ®=(h) requires some choices, some of which were described and
dealt with in the previous Section 4. What remains to complete the proof of Theorem 1.1 is
the independence of ®=(h) under the choice of a nondegenerate quad, and the independence
under the 2-3 Pachner moves that connect two ideal triangulations.

In this section, we will prove that ®=(h) is independent of the choice of a nondegenerate
quad. Recall that to each pair of opposite edges of an ideal tetrahedron there is an associated
variable called a shape variable. When defining Neumann-Zagier data (see Section 2.2), we
must choose an edge for each tetrahedron, which associates one of these shapes. There
are three possible choices, which leads to the action on Z/37Z on the each column of the
Neumann-Zagier data. All in all, for a triangulation with N tetrahedra, this leads to 3%
choices on of Neumann-Zagier data. On the other hand, the definition of the series ®=(h)
requires a choice of a nondegenerate quad, i.e., one for which det(B) # 0 (such quads always
exist [11, Lem.A.3]). In this section, we will show that any of the 3" choices of quad with
det(B) # 0 lead to the same ®=(h) series.

Theorem 5.1. The series ®=(h) is independent of the choice of a nondegenerate quad.

I

Proof. Fix two non-degenerate NZ data = = (A, B,v, z, f, f) and = = (ﬁ,é,ﬂ, E,f,f”)
related by a quad change of the same ideal triangulation. The nondegeneracy assumption

implies that det(B) # 0 and det(B) # 0.
After reordering the tetrahedra (which does not change the ®=(h) series, as follows from
Section 4), we can assume that = is obtained by applying a change in quad that fixes the

first Ny shapes 2(?), replaces the next N; shapes 2 by 2/(!) and replaces the next N, shapes
2 by 2@ (Recall that 2/ =1/(1 —2) and 2" =1 —1/z).

This partitions the shapes z = (2(?), () 2(2)) into three sets of size Ny, N1, N, and the
matrices A and B into three block matrices A; and B; of size N x N; for i =0,1,2
A = (Ag|Ar|Ag), B = (Bo|B1|B), (71)
and similarly for the flattening f = (f©, fM), f&)) and f" = (f"©, f"0, @), After the
quad moves, the corresponding matrices and vectors are given by
A:(A(]’—Bl’—Az—i—BQ), B :(BO‘Al_Bly_AZ)a
v =v—DBl—- A1, 5 = (200 )y (72)

f _ (f(O)’ 1 — f(l) - f”(l), f//(2)>, f// _ (f//(o)’ f(Q), 1 — f(2) . f//(2))'

We also partition the vector of formal Gaussian integration variables x = (2@, 2 22) as
well as the symmetric matrix Q :== B™1A

Qoo Qo1 Qo2
Q= |Qn Qu Qu]|. (73)
Qo @iz Q2

With the above notation, we have
O=(h) = (L), (74)
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where

Iy = exp (gft “LAf — Em
and

y—1>

Ay = diag(z') — Q.
Applying the first quad move as in Theorem 3.4 to the v, with arguments of z

second quad move as in its Corollary 3.5 to the 1), with arguments 2, we obtain that

||:]z

IJ,Z]

M) and the
2 .
CDE(h) = <[1>(:vyw) A (75)
where
h Nih k2
leem% fBAf = eV (B - 1) - 22 —é%ﬂWB*y—nm
(1) e8] 1 1 No 1
h2  Noh  h? t 2
oot @, 1)) (2) 17
+§:<% p)Q o~ (Bv=l ?;% >)
000 z;)z)" z;” (21
J J
XH%(%‘ 1% >H¢h<yﬂ'+ (1)’ (1)>H¢h< — — ol )’
=1 =1 i
y and w are vectors of size N; and N, respectlvely, and
A 0 0
Ay = | 0 diag(z"™) 0
0 0 diag(z®) — I
RONG
Making the change of variables y; — y; —
we obtain that

o)
(1) and w; — w; +

— and using Lemma 3.1
CDEU:L) = <]2>(x,y w),A (76)
where
h h3 Nih  h2
I, = exp (—ft TAf — Dhd Of (B~ 'y — 1)@ - L2 —Qx(l)t(B_ll/ — W
8 24 2
hs A@h/ he o
epf2 el P oot g m)
+ vy 5 + o1 5 9 ( v)
No . No -
Ao T ) Tt 427
j=1 —F =
and
diag(2/®) — Qoo Qo1 —Qo2 0 0
—Qh I—Qu —Qi2 I 0
Ay = —Qbs Qs —Qx 0 —1
0 I 0 | diag(z"W) 0
0 0 —1 0 (2



PERTURBATIVE INVARIANTS OF CUSPED HYPERBOLIC 3-MANIFOLDS 21

Note that (™ and #® do not appear in the arguments of v,. Moreover, since BQ = A, we
see that

I QOI QOQ I 0 0 -
B O Qll — [ QlQ O I 0 = (BO ’ Al — Bl ‘ — Ag) = B y (77)
0 @, (22 00 -1

which implies that
On—1 Q On—T O\ (07T 0\=~, (00
det | 1%, 12) 40, and u 12 = B'B|I 0
12 G 12 Ox 00 —I 0 I

(78)
Therefore, we can apply Fubini’s Theorem (Lemma 3.1) with the integration variables
M, 2?  and use Lemma 5.2 and the equality Qf + f” = B~'v to obtain that

®=(h) = e™(I3)z, - (79)
where 7 = (2, y, w), c € iZ
hv~  ~~ hi_, ~ al
I = exp (§ftB‘1Af - LB 1)) JHl@z)h(afj,zj)
and o
A3 = diag(Z') — B'A.

The right hand side of Equation (79) is exactly equal to echI)é(h), completing the proof of
Theorem 5.1. U

Lemma 5.2. With the notation as in the proof of Theorem 5.1, we have the following
identities

o Qoo 00 Qo1 Qo B s
B1'A=10 0 0]+|-I 0 (Q“t ! Ql?) ( o1 d 0), (80)
0 0 —I 0 I 2 o 01

and for some d € Z

fB™'% = B 'w+d

(s (1 0) - 0) (Gt @) (00 s (1)

0 I
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Proof. We will show that boths sides of Equation (80) and Equation (81) are equal after
multiplying by the invertible matrix B. Denote

-1
Qu—1 Qi _ (T T (83)
Qly Q2 Iy Ta)’
and note that
—Qo1  —Qo2 -1 —Qo1T11 — Qo2T} —Qo1T'12 — Qo2l'22
B I 0 (Quti ! Q12> =B Ty . IRD)
0 —I 12 Q22 —It, —Ta2
= (=BoQoiT'11 — BoQo2T'5 + (A1 — B1)T11 + 42Ty | — BoQoiT'12 — BoQo2T22 + (A1 — B1)['12 + Asl'22) (84)
= ((B1(Q11 — I) + B2Q%5)T'11 + (B1Q12 + B2Q22)Tt 5 | (B1(Q11 — I) + B2Qb5)T12 + (B1Q12 + B2Q22)'22)
= (B1 | B2).
Therefore, since
_[Qoo 0 0
B 0 O O - (BOQOO | 0 ’ — Ag), (85)
0 0 -1

we see that multiplying the right hand side of Equations (80) on the left by B we have
(BoQuo + BiQoy + BaQp | = Bi | = As + Ba) = A, (86)

which completes the proof of Equation (80). Similarly, since

I00 0
B0 0 0|BWw—1)-B|1]| = By(B'v)» — Byl — A1+ Bi1 (87)
000 0

we see that multiplying the right hand side of Equations (81) on the left by B we have
Bo(B™')® — Byl — A1+ Bi1+ By(B ') — Bj1 4+ Bo(B~')® = 07— B1, (88)

which completes the proof of Equation (81). For Equation (82), we will compute the three
terms that appear there. Firstly, use Equation (81) to obtain that

04 8yaen - ()-(’ 4 (05 ()

to obtain that
(B’ 2 § -0 (6o G0+ (o)) (90)

t, =~ t

—1)(B~'2)D —(B")@Y(B')@ + (B )@
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Secondly, expanding out
B = fOB )0 4 (1 — fO — OB 4 7B
= OB 1)
+(1—fO — (B )V 4 FOQ, + FVQ, + FAQL) (B )M
(BT~ fOQu — fUQu2 — [P Qa) (B7D)?.
Finally, using Equation (77) we obtain that

(91)

t

B — fO1+ "1 = f'B~'w — fW1 - f'Q(0,0,1)" + (B~'v)®"1
= fIB7'T+ (B )@
= fO(B17)© (92)
+(fOQu + fV(Qu — I) + FPQL) (B 7)Y
— (f2Qu2 + fYQu12 + FPQu0)(B~'D)? + (BilV)(Z)tl :

6. INVARIANCE UNDER PACHNER MOVES

In this section, we will prove that ®= is invariant under 2-3 Pachner moves. There are
several versions of the 2-3 move (and of the corresponding pentagon identity in Teichmiiller
TQFT [27]) and the one we choose in the next theorem is slightly different from the one
in [11, Sec.3.6] and can be related by composing with quad moves.

The 2-3 move involves two triangulations 7 and 7 with N 4+ 2 and N + 3 tetrahedra,
respectively, shown in Figure 2.

FIGURE 2. The 2-3 Pachner move.

Using zp = 21 + 29 — 2122 from Equation (46) used in Theorem 3.6, it follows that the shapes
z of T and z of T are related by

* -~ -~ -~ -~ *
z = (21,22,27) > 2 = (ZO, 21, 2o, z)

(93)

= (zo, 2125, 22yt z*).
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Similarly to [11, Eq. (3.20) and (3.21)], these shapes satisfy the relations

~ ! ! ~ 1! ~ "
>~ = / ~ =~ " ~1=1
21 = 2021, 21 = 2172, 21 = Zpc9, (94)
~ ! ~ ~ " ~~1
If we write the Neumann—Zagier matrices of 7 in the form
A = (ar]ag|ay), B = (by|by|bs), (95)

where aj, as are the first two columns of A and a, is the block (N + 2) x N matrix of the
remaining N columns of A, and likewise for B, then using Equations (94) the corresponding

Neumann—Zagier matrices of T are given by

~ —1 0 0 0 ~ -1 1 1 0
A= (—bl—bg+a1—|—a2 al—bg a2—61 a*)’ B = <0 bl bQ b*) <96)

and the corresponding Vector v = (1,v). Analogously to the shapes, we will fix flattenings

(Jor fr, for J7) and (f, J1, J3, ™) for (A|B) and (fi, fo, *) = (fo+ fu, Jo + fo, f) and
(1 15 ) = (fi + f27 '+ fl, f"*) for (A ] B). The data of the flattenings then satisfy the
additive versions of Equatlons (94).

Theorem 6.1. The series ®=(h) is invariant under 2-3 Pachner moves.

The proof involves an application of the pentagon identity for ¢, of Theorem 3.6.

For two triangulations 7 and 7 with N +2 and N + 3 tetrahedra and NZ matrices (A | B),
respectively, related by a Pachner 2-3 move. To define the corresponding series ®=(h) and
®= (1), we need to possibly change quads on T and 7 so that both B and B are invertible.
By a quad move ¢, we can replace (A|B) by (A | B) where det(B) # 0. Recalling that quad
moves act on tetrahedra and actions on different tetrahedra commute, we can write the move
q = ¢2 X qn as a product of quad moves g, on the first 2 tetrahedra times moves ¢y on the
remaining N tetrahedra of 7. Let (A | B) denote the result of applying the move 1 X gy on
the N + 2 tetrahedra of T.

Since the (N +2) x (N + 2) matrix B has full rank and B and B have the same last N
columns, it follows that B has nullity 0, 1 or 2.

Now on 7', we can apply the identity move on the first three tetrahedra and the gy moves
on the remaining N tetrahedra, which transforms the NZ matrices (A|B) to (A|B), and
further apply the g moves on the second and third tetrahedra to obtain the NZ matrices
(A |B). By looking at how the matrix B transforms under a 2-3 move (see Equation (96)),
it follows that B has the same rank as B, and hence det( ) # 0.

The above discussion can be summarlzed in the following commutative diagram.
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(A B) = » (A B)
YN AQN
g2 XgN (A | B) ﬂ) (,Zf| E) 1xg2xgn (97>
1xg2x1
A \ o
(A |B) (A]B)

where det(B) # 0 and det(B) # 0. Now ®=(h) and @E(h) can be defined using the non-

degenerate N7 data with matrices (A |B) and (A \ ]§), respectively. We will show that the
two h-series are equal using a diagram

(I)E(h) ®*Fourier . o Pentagon . o ®iF0urier’1\ o 2i—Fubini (I)§<h) (98)

7 7 7 7

where ¢ = 0, 1,2 denotes the nullity of B. We will treat each case in a separate section.
With this discussion the Theorem 6.1 follows from Propositions 6.2, 6.4, and 6.6. Before
proceeding with the proof, we will set some notation. Similarly to the proof of the quad
invariance, denote Q = B~A

Qu Q2| Qf
Q= 1Qu Q| Q|, (99)
it ;t ‘ Q*
where Q;; are matrices of size 1 x 1, Qj are matrices of size 1 X N and Q* is a matrix of
size N X N.

6.1. The case of B with full rank. In this section, we prove Theorem 3.6 under the
assumption that the matrix B has full rank. In this case, Equation (98) simplifies to the
following one

DE(h) — N, BE () (100)
since we do not need to apply Fourier transform, nor Fubini’s theorem.

Proposition 6.2. If B has full rank, then ®=(h) is invariant under the 2-3 Pachner move
given in Equation (96).

Proof. To begin with, noting that in this case A = A and B = B, we have:

B(h) = (e (101)
where
1 N+2
Iy = (7—7’ tpiar - g, g o
0 = exp 8f f 5 (B v —1) Hwﬁ(mm'g])
j=1
and

Ay = diag() - Q
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and x = (1, x9, %) are the integration variables. Applying the pentagon identity of Theo-
rem 3.6, to the ¢, with arguments 1, x5 and introducing a new integration variable xy, we
obtain that

=(h) =

<Il>(mo,z),A1 (102)

where
h2 T129 + X0z
-1 t 142 2#1 —1
Af — —=x —_——z 10)
2 20

(B~ = 1)) (= w0 — 23+

N
T122 + T221
Z0)Yn| —@o a1+ ————,2 22 ! H 7y, ;)
0 =

(z1t22—2122)* 0
(z1—1)z1(22—1)22 .
0 A

Making a change of variables g + o + 21 (=14 2025 ") + 22(—1 + 2125 ') using Lemma 3.1,
we obtain that

h
I = eXP<_ﬂ+ ft

T122 + X221
X wh(mg—l-xl + X9 — ———
20

and

A1:

(I)E(h) = <[2>(£E0,90)7A2’ (103)
where
1
o . E t IA . E t -1, . —1
I, = exp 24+ f f (B v — 1)) Yp(—x0 + 21,2125 )
X (o, 20) Yn(—x0 + T2, 2225 ' H¢h x7,27)
and
(Zl+22_2122)2 21+20—2122 21+20—2122 O
(z1—1)z1(22—1)22 z2(z1—1) z1(z2—1)
Ay — —zlgfjl‘fff _Qll_—ZIZ—;—fjl__zll)@ 1—Qi2 -Q7
—ZIZT(ZZQ;%ZQ 1 — Q12 —Q22——Z1;1rz§2 le)ZQ -Q3
0 -Q; —Qs' diag(2*') — Q*

Maklng a change of variables xl — 21 +x9 and x5 — T2+ 2o using Lemma 3.1, and denoting
T = (w0,7), Z = (20,2125 ', 2025, 2*) we obtain that

O=(h) = eM(I3)z,, (104)

where
; N+3

I3 = exp <gft§_12f— — — ) H (T Tj,%;)

and

N

Ay = diag(?) — B!

The next lemma identifies vectors and matrices of the two triangulations 7 and T.
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Lemma 6.3. With the notation used in the proof of the previous Proposition 6.2,

Qi +2Qi2+ Q-1 Qu+Qi2—1 Qiu+Qe—1]|Q7 +Q;

A — Qi +Qp2—1 Qu Qi1 Q1 (105)
Q2+ Q-1 Qi —1 Q2 Q;
iy i @
B - (<B‘1”>1 B - 1) (106)
fiB™'0 = f'B v — |, (107)

Proof. We will show that both sides of Equations (105) and Equations (106) are equal after
multiplying by the invertible matrix B. For Equation (105), we have

Qi +2Q12+Qa2—1 Qi +Qi2—1 Qi+ Qp—1]Q7 +Q;

(—1 1 1 0) Qi +Qi2—1 Qu Q2 —1 Q]
0 b by |0 Q2+ Qo —1 Qi —1 Qa2 Q3
Tt + Q;t Tt ;t ‘ Q*

—1 0 0 0
e _ *t * *
( b1(—14+Q11+Q12)+b.Qj b1Q11+b:QFF  b2Qoa+b.Qj? leT + bQQz + b*Q*>

+bo(—14+Q12+Q22)+b: Q5% +b2(—14+Q12)  +b1(—14+Qi2)

= A
(108)
For Equation (106), we have

R G O

Finally, for Equation (107),

-1 _ i (B_ly)l + (B_ll/)g —1
fe fN( B ) (110)
= (fo+ A)B W)+ (fo+ f2)(B ')+ (B~ 'v)1 — fo,
and we recall we choose f; = ]?0 + ﬁ fori=1,2. O

6.2. The case of B with nullity one. In this section, we prove Theorem 3.6 under the
assumption that the matrix B has nullity 1. In this case, starting from the series ®=(h), there
are three intermediate formulas (shown as bullets) in Equation (98) that eventually iden-
tify the result with ®=(h). The intermediate formulas involve a Fourier transform (adding
one integration variable), a pentagon (adding a second variable), an inverse Fourier trans-
form (adding a third), and an application of Fubini’s theorem that removes two integration
variables. The detailed computation is given in the next proposition.

Proposition 6.4. If B has rank N + 1 then ®=(h) is invariant under the 2-3 Pachner move
given in Equation (98).
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Proof. Following the discussion above we can assume that rank(b; | by | b,) = rank(by |b,) =
N +1. Then by [11, Lem.A.3|, the matrix (a; | by | b.) has full rank and we can apply a quad
move to the first columns of (A | B) to obtain

A = (=b|az]as), B = (ag — by |ba|bs), v =1v-—b, (111)

where B has full rank. The proof will use the following sequence of intermediate matrices

(A|B|v) :(—bl‘ag‘a*‘al—bl‘bg‘b*‘y—bl)

lqllxl

(A|Blv) = (a1 | a2 | as|b1|ba|bs| V)

l2—>3
(112)
= —1 0 0 O|-1]1]1]0]|1
(AIBIu)—(alJraQ_bl_b2 a1 —by [ ag—by | ax| O [ by |by|bs y>
J/].X(h)(l
S~ -1 -1 0 0]-1 -1 110 0
(A‘B|V)<a1+agb1b2 *bl anbl Qs 0 al—blbe bQ b l/b1>

where B and B are invertible. With z = (21, T2, 2%) and z = (21, 29, 2%) vectors of size N +2,
®=(h) is defined by

(I):(h) - <[0>($17902790*),A0 (113)
where with f = (f{, f2, [*)

1

Iy = exp (gftBlAf _ %x(Blu _ 1)) ¥n (xl,

u’:]z

1
1 >¢h I2722
— 21

J’J

and

Ay = diag(zila 2;7 Z*/) - Q.
We apply Corollary 3.5 to the v with argument z; and introduce a new variable w; to
obtain

(I)E(h) - <]1>(w1,$1,$2,m*),A1 (114)
where
ok B hs
[1 = exp (ﬂ + gftBilAf - 71‘(]3711/ - 1) - .fL'l—>

N
X¢h<w1—x1(1—Zf1) )1/15 w2, 20) [ [ ¥}, 25)
J=1
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and

-

T U
0 A)

We substitute w; +— w; + 21(1 — z; ) and obtain, from Lemma 3.1, that

(I)E(h) = <[2>(w1,r1,r2,z*),A2
where
h h h3 hz
I, — ( FBIAf — Z (B v —1) — 1=
2 = Py tg p H(B v 1) =g
and with Q7 = 0 from Lemma 6.5
=~ -1 0 0
Z1
A — -1 0 —Qi2 -Q;
2 — 1 *
0 —Qi T Q22 -Qj3
0 _th _Qst ‘ Z*l . Q*

(115)

N
)@Dh(wl,Zl Vr(w2, 22 H

We apply the pentagon identity of Theorem 3.6 to the 1, with arguments w; and x; and
obtain, with the new integration variable x, that

(I)E(h) = <I3> (zo,w1,21,22,2%),A3

where
h h3
I3 = exp <§ftB_ -

W122 + X9z

1/)h<$0 +wy + T9 —
20

and

(z1+22—2122)*

0
A3: O
0

TAf — 7x(B_1V —1)—x—

Zo> 1/%(—900 —w

(116)
.
- ) ¢h< — Xp — T2+ Wiz ¥ A ) 2120_1>
2 20

20

W22 + T2z N
172 221 _
+—,ZQZO 1) H@Z)h(x;,z;‘)

Gi-Der(-Dm U 0 0 0
T 1 0 0
z1
—1 0 —Qu2 —-Q
0 —Quo 1—1z2 - Qx| —Qj
\0 0 —Q' -Qf | -q

We use Lemma 3.1 to change the variables x¢ — zo — w; — 22 + %ﬁ“zl and obtain that

(I)E(h) = <I4> (zo,w1,21,22,2%),Aq

where

1
Iy = exp (gftBlAf — %x

X p(—xo + w1, 2125 ) Un(To, 20) Yn(—z0 + T2, 2277 "

2
(B7lw—1) — x1—>

2

(117)

J’J

||:2
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2
(z1—1)z1(22—1)z

zZ1t+22—2122
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21t22—212
5 (z1—1)22 0 121(222—11) ? 0
Z1+22—21% z
l(zlil)zlz : zz(lim) -1 1 0
Ay = 0 ~1 0 —Qu —Qi
Zl;l_(zi_jll)@ _Q12 Q22 Z1;1_ZZZQ le)ZQ _Q§
0 0 i -Q;'

where

5 B . .
Is = exp <§ftB TAf — %:L’(B_IV —-1)— TxO(B_IVQ —-1)— x172
X p(wi, 212 Y) ¥n(o, 20) n(xa, Z2Zy Hl/)h Zjs J
and
— Qa2 + = 1)1(@ 0 0 -1 - Q2 1— Qo -Q}
0 22(1'2;1) —1 1 0
A = —1— Q2 -1 0 —Qu2 -Q1
1— Qe —Qr2  —Qxn+ 21;(222;211)22 -Q3
_Q;t O _Qit _Q;t

(I)E(h) - <15>(a:0,w1,z1,z2,;v ),As

2= QF
We substitute w; — wy + 29 and x5 — 9 + 29 to obtain, with Lemma 3.1, that

Z*/ o Q*
By applying the first quad move from Theorem 3.4 to ¢ (wy, 212, ) we obtain, with a new
integration variable y, that

where

<16> (y1,20,w1,21,22,2%),Ag

n wlzlzo_l >h§>
1—21z0’1 2

) Vi(2o, 20) Yn(wa, 2225

||:]2

]7

]

(119)

(118)
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and
1=z 0 0 0 0 0
Z1
0 Qa2 + m 0 —1-Qq2 1-Qa -Q3
A - 0 0 e 1 1 0
0 —1-Qu2 -1 0 —Q12 -Q1
0 1— Qa2 1 —Qr2  —Qaxn+ 7’21;82711;2 -Q3
0 _ta 0 _Qé'ft _Qgt z*/ o Q*
We change variables y; — y; — w; lzl o using Lemma 3.1 and obtain that
—Z ZO
(I)E(h> = <[7>(y1,$07w17$17$27$*),1\7 (120)
where
ho ok h2 he he h2
I = exp ( — 57+ SEBTAf - (BT — 1) - 72%((13 W)y —1) — xlé —|—y172>
N
X 1/1h,(y17 1—> Un(o, 20) Vn(T, 292y )Hl/)f(xja ZJ*)
P o
and
L 0 1 0 0 0
Z1
0 —Qa22 + m 0 —-1-Q 1 - Qo -Q3
1 0 0 -1 1 0
A; = .
0 —1—Qq2 -1 0 —Qu2 -Qi
0 1 — Qo 1 Q12 —Qa+ 21;;(?%11)@ -Q;
0 —Qs 0 -Q —Q3' - Q

Therefore, we can apply Fubini’s Theorem (Lemma 3.1) with the integration variables wy, 21,

to obtain that

P (h) = <18> (y1,20,22,2%),Ag

(121)

where
ho ol B
Iy = exp (= 5o+ SF'BTAf = T (ao(B7): — 1)+ pu((B7w) — 1)
+2(B™ W)y + (B7w), — 1) + 2*((B'w)* — 1)))
1
X ¢h<y17 T _1> Un(zo, 20) Yn(2, 2075 1) H% 3, 27)
and
(z1-1)zp _ _ _ _O*
- Q12 1 Qi2 O
Ag = Q2 —1 m Qa2 —Qi2 — sz+ -Q3
—Qu2 —Q12 — Qo —2Q12 — Qo+ 2 H | —Q — Q)
*T e T *T *T ‘ Z*/ — Q*
1 2 1 2
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Using Lemma 6.5 we obtain, with respect to the integration variables & = (xq, y1, T2, *) and
some ¢ € iZ, that

®=(h) = e(Iy)z.a, (122)

where
h~ ™ AT h§ ~* "*
I, = exp (gfthlAf— SHB D) ) H On(F, 70

and with A, B as in (112)

O
Lemma 6.5. With the notation used in the previous proof of Proposition 6.4 we have
Q11 = 0 and the following equalities:
Q2 Qr+1 Q2+ Qo Q3
~ 1% +1 0 Q12 Qi
B 'A = Quo L 123
Qi +Qx Qi 2Qi+Q0 | QT +Q5 |’ (123)
N TR i ek
(Bill/)g
H-l~ (B~ 'v),
B v = (B~w), + (B ), |’ (124)
(B vy
f'B™'v = f'B 'v. (125)

Proof. Similarly to the proof of Lemma 6.3 we will proof Equations (123) and (124) by

showing that both sides are equal after multiplying by the invertible matrix B. Using
Q = B 'A and the fact that (a; | b | bs) are linearly independent we conclude Q1; = 0. For
(123) we compute

Q22 Qi +1 Q2+ Q2 Q3

-1 -1 1 0 Qi +1 0 Q12 Qi
0 ay—by—by by b, Q2 + Qa2 Q2 2Q12 + Qo2 | Q7 + Q5
*T *T *T *T *
+
2 1 1+ Qs ‘ Q (126)
—1 -1 0 0
= (a1—b1)Qu12 ot b2Q12+b. QFt+ (a1—b1—b2)Q*
b QaatbeQyt PREQL (NG b QaatbeQpt +02(Q5+QE) H0.QF

=A
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For (124) we have

V)" (127)

For Equation (125), we have

(B~'v),

Tt (B~ 'v),
(B™'v)1 + (B™'v), (128)

(B~'v)*

= (fi+ )B W)+ (fo— f)(B ) + (B w)".

Then, using the analogous relations between the flattening as given in Equation (94) for the
shapes, we have f] + fo = f{ =f; and fy — fo = fo = 5. O

6.3. The case of B with nullity two. In this section, we prove Theorem 3.6 under the
assumption that the matrix B has nullity 2. Similarly to the proof of Proposition 6.4, we use
three intermediate formulas in Equation (98). They involve two Fourier transforms (adding
two variables), a pentagon (adding a third variable), two inverse Fourier transforms (adding
two variables) and an applications of Fubini’s Theorem (removing four integration variables).
The details are given in the following proposition.

Proposition 6.6. If B has rank N then ®=(h) is invariant under the 2-3 Pachner move
given in Equation (98).

Proof. Following the discussion above, we can assume that rank(b; | by | b.) = rank(b.) = N.
Then by [11, Lem.A.3], the matrix (a; — by | az — b2 | bs) has full rank and we can apply a
quad move to the first columns of (A | B) to obtain

A = (—b1| —b2|a*), B = (al—bl|a2—62|b*) (129)
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where B has full rank. The proof will use the following sequence of intermediate matrices
(A‘B‘V) = (—bl ‘ —b2 ‘ (™ ‘ al—bl ‘ a2—b2 ‘ b* ‘ V—bl_bQ)
lq{l x 1

(A|B]1/):(al‘ag‘a*‘bl‘bg‘b*‘u)

2—=3
G|B|7) -1 0 0 |o]|-1]1]1]0]1 (130)
V)= ar+as—by —by|a;—by|as—by|ax| O | by |by| by |V
llxqul
(A|B|D) =
-1 -1 -110/|-1 -1 -1
a1 +ags —by —by | =b1 | =by |as| O

al—bl—bg

0 —1
a2—b1—bg b* I/—bl—bg
where B and B are invertible. With z = (21, 22, 2%) and z = (21, 29, 2*) vectors of size N +2,
®=(h) is defined by

q)E

(h> = <[0>(3317332,1?*),A0
where with f = (f], f5, f*)

(131)
Iy = exp (gftB_lAf - %xt(B_lu — 1))

N
1 1 -
oo o) Tl
and

Ay = diag(1 =211 - 2",2") = Q

By applying Corollary 3.5 to both (1, ﬁ) and 1y(x1, ﬁ) we obtain with new integra-
tion variables w; and wy that

(I)E(h) = <[1>(w17w2,371,232,9ﬂ*),/\1
where

(132)
1
= exp (% - i—iftB’
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and
1f2’22 0 0
A = 0 lil 0
0 0 A

The substitutions w; — w; + z1(1 — 2z;) and wy +— wa + 29(1 — 25 ") imply according to
Lemma 3.1 that

(I)E(h) = <I2>(w17w2,361,362,96*),/\2 (133)
where
h h h3 h3
I, = ( FBIAf — (B v —1) — —)
9 exp 12+8 2x( v ) (x1+:v2)2
X Yp(wi, 21) Yr(wa, 22) Hwh 3, 2;)
7j=1
and with Q1; = Q12 = Qg2 = 0 from Lemma 6.7
20 -1 0 0
21
0 2= 0 -1 0
0 -1 0 0o | —-Q;
Vo0 0 —QF ¢ -qQ

We apply the pentagon identity of Theorem 3.6 to the v, with arguments w; and w; and
obtain with the new integration variable xg

(I)E(h> = <I3>(330171117“1271'171'271'*)71\3 (134)

where
A R B3 A3
13 = exp (24 + 8ftB71Af — 71’1‘/(]3711/ — 1) — (.Tl + 1’2)7)

w122 + Wa 21 -1
x¢h(—x0—w2+—,zlz0 ¢h x0+w1+w2—

w129 + Wa2y
y 20

20 %
W12 + W22y
X¢h<_$0_w1+z—0»2o>n¢h 5 27)
and 2
_(z1tzo—z120)

(z1—1)z1(22—1)22 0 0 0 0 0
= 0 -1 0 0
As = 0 0 = 0 -1 0

0 -1 0 0 0 —Q:

0 0 -1 0 0 ~Q;

\ 0 0 0 _Q*t _Q*t *T Q*/

With change of variables xg — xg — w; — wy + W Lemma 3.1 gives that

q)E(h) = <[4>(E07w1,w27x1,x2,$*),1\4 (135)
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where
ho h he he
L = ( FBIAf — LB v — 1 )
4 exp 24+8 z'( v ) — (951+:E2)2
N
X Yn(—z0 + w1, 2124 ) Yn(To, 20) Yr(—To + wo, 2225 ) H¢h( r7,2;)
j=1
and
(z14+22—2122) 21422—212 21+29—212
(21_2Z1(22—1)22 1(2131);2 : 1(2231)?511 . 0 0 0
21 T22—2122 21 —
(il‘l)” - 1 1 0 0
Z1t2z2—2122 _22 —
Ay = (z2—1)z 1 T—zo 0 1 0
0 -1 0 0 0 Q7
0 0 —1 0 0 -Q;
0 0 0 Qi —Qf
We substitute w; — wy + ¢ and wy — wy + 2o to obtain with Lemma 3.1 that

and

q)E(h) = <I5>(J:0,w1 wa,T1,72,2*),As5

I5:exp<h f

h2
s
21 T8 v

21t+22—2122

ey ey

1

B v—1)—(xr1+ xg)h—22>

X Ibh(whzlzo )¢r($072’0) Yn( wz,ZQZo

1

Hwh

—1 —1 0
(1_211)22 1 —1 0 0
29 _
A, — 0 1 2 0 1 0
—1 —1 0 0 0 -Q;
-1 0 -1 0 0 -Qs
N 0 0 -Qf —-qQ

CI)E(h) = <16>(y1,y2,xo wi,w2,T1,T2,2%),A¢
where

h h
Is = exp(

tra—1 hs -1 he
—1 1 —1 1 N
w1 212 hz Wa2a%, h2 -
o ) o ) T
Y1 1_21201 5 Y2 1_22201 D) H¢E(J J)
-1
w1212, 1
X?/fh(yl‘i‘ 110

7=1
-1
ERPAORE -

o, 2
1— 2 01 1—22201>wh( 0 0)

5| 2% — Q*/
By applying the first quad move from Theorem 3.4 to both ¢y (w1, 2125 ") and (w2, 2225 )
we obtain with new integration variables y; and ys that

(137)

(136)
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and
bz g 0 0 o 0 0 0
0 lzlm 0 0 0 0 0 0
0 0 Aimemamo g 0 -1 -1 0
Z1 _
A = | O 0 — 10 0
0 0 0 1 g=2s 0 1| 0
0 0 . -1 0 o 0 | —q
0 0 —1 0 —1 0 0 -Q;
0 0 0 0 0 Q' Qo -Q
We change variables y; — 1, —wl% and gy — Yo — Wo 1222251_1 using Lemma 3.1 to obtain
—Zz ZO —Zz ZO
that
(I)E(h) = <[7>(y1,yz,xo,wl,wz,x1,wz,w*),A7 (138)
where
ho h hz hz hz
I; = exp ( ~ 51 + gftB_lAf — 7xt(B_ll/ —1)— (21 + 1@)7 + (y1 + y2)7>
1 1 al
X —— ) U Y2 T ; (25, 2]
U (yh = 2120_1) Vn (yz e 1) Yn(o, 20) ]Hl%(xj ;)
and
Bz 0 1 0 0 0 0
0 izl 0 0 1 0 0 0
0 0 ffes 00 -1 -l 0
A, = 1 0 0 0 1 —1 0 0
0 1 0 1 0 0 —1 0
0 0 —1 -1 0 0 0 -Qj
0 0 —1 0 -1 0 0 —Q3}
0 0 0 0 0 Q' Q7 -Q

Therefore, we can apply Fubini’s Theorem (Lemma 3.1) with the integration variables
wy, Ws, T1, To, to obtain that

CI)E(h) = <[8>(yl7y27l"0733*)»1\8 (139)
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where
h -1 -1 h h tp—1 h% -1 -1
hz hz
— 7y1 ((B_ly)l — 1) — 73/2 ((B_IV)Q — ].)
hz
- 2 (B7) = (B'w):Q — (B'w)iQ; - 1) )
<t ) on{om ) v Hw
y T 1 ) — Lo, 2 )
hyll_l ﬁyleonl r\To, 20 hjj
and
w2 0 = -Q;
(22—1)z1 _ _ *
AS = 01 221 21+2z20— 32122 9 * Q2 *
1l Goieth Qi+ Q
—-Qj > FHQ [ -Q+QIQs + Qs

Using Lemma 6.7, we obtain with respect to the integration variables & = (o, y1, y2,

some ¢ € iZ that

x*) and

®5(h) = e"(Iy)z., (140)
where with A, B and  as in Equation (130) and
b B N2
Iy = exp (SFBTAF - T#(B7'0 - 1)) H On(F,30) (141)
and
Ay = diag(z), 7, 2, ) — B'A. (142)
UJ

Lemma 6.7. With the notation used in the proof of the previous Proposition 6.6 we have
Q11 = Q12 = Q2 = 0 and the following equalities:

-1 L1 -QI - Q3
S s 1 0 0 Q:
-Qi' - i 5'Qi
—(Billl)l — (Bill/)g +1
~ B v
B 5 = gy , (144)
(B~v)" — (B™'v):1Q; — (B™'v):Q;
B0 = f'B v+ fo — 2(B" ') (B 'v),. (145)
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Proof. The relation B"'A = Q and the fact that the columns of (ay]|as|b.) are linearly
independent imply that Q1 = Q2 = Qa2 = 0. We will prove Equation (143) by showing
the identity after multiplying by the invertible matrix B. For (143) we compute

—1 1 1 -Qi — Q3
—1 —1 —1 0 1 0 0 Q:
0 al—bl—bg ag—bl—bg b* 1 O O Q;
Q' - Q' Q' Q' Q —-QI'Q;—-QJQ;
—1 -1 -1 | 0
= | a1t+a2—2b1—2by b.O* b O (a1—01)Q} +(a2—b2)Q3"
0. Q7' —0.Qz"  Vxwl  VRlw2 | _pQit—b1Q3l4b.QF —b.Q1Q;—b.Q3'Q}

= A
(146)

For Equation (144), we compute
—<B_1V)1 — (B_ll/)g +1
0 (B_llj)l
b* (B_ll/)g
(B~'v) — (B 'w)Q; - (Bv)q;) (147

-1 -1 —1
0 Cll—bl—bg a2_b1_b2

- ()
v
For Equation (145), we note that for i = 1,2 we have
'Q; = B™'w)i—fo— 1 (148)
and so
B0 = fo+ (fi+ LB v+ (i + 5B v+ B v — 2B w)i (B ), (149)
Then, using the ajlalogvous relations betzveen ~the flattening as given in Equation (94) for the
shapes, we have f] + fo = f{ =f; and f1 + f5 = fi = 5. O
7. THE SERIES OF THE SIMPLEST HYPERBOLIC 4; KNOT

In this section, we discuss an effective computation of the power series ®=(h) for the
simplest hyperbolic knot, namely the 4; knot. This example was studied extensively in [11].
From [11, Ex. 2.6], we obtain that the NZ datum =, is given by

RN (e A A

and 2y = 29 = (g = e2mi/6 Therefore, we have

=4 (h) = 6%@%(%1,C6)¢h($2,f6)>(x1,x2),Aoa (151)

Ay = <<6__11 Cﬁ_—l 1) . (152)

where



40 STAVROS GAROUFALIDIS, MATTHIAS STORZER, AND CAMPBELL WHEELER

This is a two dimensional formal Gaussian integral which can be simplified. Using (5 =
1/(1 —¢s) =1— (5" and applying a change of coordinates x1 ++ z; — (29, we find that

d=4(h) = e%wh(lﬂ — G672, C6)Un(T2, C6)) (21,22) A1 5 (153)
where
A = (Cao—l 2C60— 1) ‘ (154)

We can apply Fubini’s theorem [4, Prop.2.13] and Corollary 3.5 to perform the integral over
x1. After renaming the variable x, by x, we express ®=4(h) by a one-dimensional formal
Gaussian integral

o5 (h) = e%<exp (gh%)wh(x,g6)2> . (155)

z,2¢6—1
Using the definition of 1, from Equation (1) and expanding to O(h*/?), we obtain that

exp (h% ) vn(w,Go)?
= 1+ <;x3 + (CG - ;)a:)hl/z + <118:c6 + (146 - 1):c‘* - g:ﬁ + (— %{6 + é))h

+ <1612x9 + (146 - i)$7 — % s (— *CG + %) 3 (iCG + i)x>h3/2 (156)

Lo (5 5\ 3T ( 1337 1357> ]

- <1944m (324C6 648) 288" T\ 7 2160 T 1320)"
il — 2 )22 - (s )h 15/2).
( G+ 1152) * (48C 16) 72C6> +OR)

Noting that 2¢s — 1 = y/—3, we can then evaluate Equation (155) with Equation (20) to

obtain that 1 697
h oo —
e 1 (h) = 1+ h+ n*+ O(h'). 157
(%) 72v/-3 2(72¢/-3)2 (%) (157)
This is in agreement with computations in [11, 12, 21]. The one-dimensional formal Gaussian
integral (155) gives an effective computation of the series ®=41 (1). Indeed, using a pari-gp
program one can compute one hundred coefficients in a few seconds and two hundred coef-

ficients in a few minutes, the first few of them are given by

e i 3541 (1)

24351 27839294 244284791741
LMLy 697 o TAISL o, 278302049 L, 847917 — 15
216 31104 100776960 29023764480 43883931893760 1
1140363907117019 g = 212114205337147471 o 367362844220968131557 (158)
94789292890521600 20474487264352665600 * 11793304664267135385600 |
44921192873529779078383921 po _ BL74342130562495575602L43407 1o 111
1260940134703442115428352000 | 23109593741473993679123251200 '

Similar to the case of the 4;, one can obtain one-dimensional formal Gaussian integrals for
the next two simplest hyperbolic knots, the 5y and the (—2, 3, 7)-pretzel knot, whose details
we omit.
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APPENDIX A. COMPLEMENTS ON THE FOURIER TRANSFORM

In this appendix, we give the omitted details in the last step of the proof of Theorem 3.4.
They are an affine change of coordinates, followed by the corresponding computation of the
formal Gaussian integration.

The proof requires a version of formal Gaussian integration where the symmetric matrix
Ay € GLy(Q(2)[z][A?]) depends on h, such that Ag is invertible. In this case, for an
integrable function fy(z,2) € Q(z)[x][R'/?], we define

det(Ah)

<<fh(x7 Z)»x,Ah = det(AO) < eXp ( - %xt(Ah - AO)$> fﬁ(x’ Z)>I,A0
Ik e 2 MM f (1 2) da 59
- / ezt AN @ 1o € Q)AL

This version of formal Gaussian integration satisfies the properties of Lemmas 3.1 and 3.2.
We use Equations (34) and Equation (37) to obtain that

te) = ) (o0 (98) (o)), 000

Lemma 3.2 implies that

1 N 1 (161)
1 )
% <eXp <_h2 + <zexﬁl/2 Z>?> wh <y7 1— zexhl/2)>y,1zl
where a = ay(z,2) € Q(2)[z][A"?] is given by
1 1—2z

Similar to Equation (34) we write

(1) = e (Ao~ (a1~ =) )y — (s~ D)L ) (4 0 )
(163)
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where Ay = Ag (2, 2) € 1Q(z)[z][A/?] is given by

1 —zeh'? —z 1 1 1
Ay = 5o (=) ~loe (5=3)) + 5 (e () 12 (722))
0= U\ L s\1=2)) Tplte 1 — zexh'/? 21—
L4y 9 (_z)
— 0
2z hl/2 & 1—2

1 .1 1 .1 1 1 1 a? a —z
() () ()
gl gt e\ M (T 2\12)) T, Tt

(164)
Then Equation (161) can be written as
A h1/2
Up(x,2) = Cy(x, z) exp ( o1 T(a + )+ AO)
, (165)
1
% <exp (%hg — (a(1l — Sy $)y)> ¥ <y ta 1-— Z)>y,1—z_1‘
We make the change of variables
- + = 166
W= w—a
1—=2 ( )
and using Equation (23) of Lemma 3.1, we obtain that
h h1/2 a2 a2 2 h1/2
Up(z,2) = Cp(x, 2) exp(— o T(a+x)+AO+E—£+am+ 21— =) - a)
Lo (S5 (e 725)) o 125 7))
ex :
P A VT2 T 1 =2 e
(167)
Hence, it remains to show that
F1/2 2 a2 22 F1/2
1 = Cylx, 2) exp(— T(a—{—x) +A0+5 — g—l—aa%l— A=) 2 a). (168)

In other words, using the definitions of Cj(z,z) from Equation (34) and Ay from Equa-
tion (164) it suffices to prove that

0 (0 ()~ (1)) 0 )
(12

169
2 tog (1) - L o1 -5+ %+ o)
h1/2 Og 1_2 h1/2 Og y4 2 axr.

With the transformation formula of the dilogarithm

Li, <1L> = Liy(2) — %2 + log(z) log(1 — z) — %logZ(z —1) (170)
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the right hand side of the previous equation is given by
1 1
ﬁ(log (ze“”hw) log (1 — ze“hl/z) — —log? (zeml/2 — 1)

—log(2)log(1 — 2) + %logg(z - 1)) (171)

—z a
h1/2 10g<1_z> h1/2 log(1 — )+E+ax.

With zh'/? = log (e aht/ ) we compute

%log (zeth) log (1 — ze:phl/Q) _ %log(z) log(1—z) — h1/2 log(1 — 2) + ax
- %log (2e""*) log (1 — ze"”) — %log(z) log(1 —2) — %log(eth) log(1 — 2) + Wl g ()
= %log (zeth) (log (1- ze‘”hl/z) —log(1 — z)) + # log (eg’hm)
= -5 /2 log (zezhl/ )+ = /2 log (e xhw)
= hmbﬂ)
so that Equation (171) becomes (172)

_ ﬁlOg ( ah!/? 1) + ﬁlog (z—1)+ %log (%) + %2 - #log(z)
- %log (2™~ 1) + ;—hlog (z—1)— #log(z EE %2
= - %_Llog2 (2 — 1) + = 1 <h1/2 log(z — 1) — a>2 (173)
1

1/2 1 1/2
:——logQ(zezh/ 1)+§ilog( W)

which completes the proof of the last step of Theorem 3.4.

APPENDIX B. COMPLEMENTS ON THE PENTAGON IDENTITY

In this appendix, we give the omitted details in the last step of the proof of Theorem 3.6.
They are an affine change of coordinates, followed by the corresponding computation of the
formal Gaussian integration.

Equations (49) and Equation (34) give

Un(x, 21)Un(y, 22) = € 2 Ch(, 21)Crly, 21) <<¢h(—w,21261)%(10720)%(—10,22261)»%3, (174)

where

. 2h1/2 . 1/2

21 = ze 5y = 2ol
(394 %2 — 215)? (175)
21%5(1 = 21)(1 — 29)

20 = 21"‘21—2122, 5 =
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Note that 21, 25, 2y and 5 are power series in /2 which, when evaluated at & = 0, coincide
with 21, 29, 29 and 0 given in Equations (46) and (47).
We apply Lemma 3.2 to obtain that

1 N
Un(w, 21)Un(y, 22) = € Ci(w, 20)Caly, 1) exp (5 (o — log ) )
2

x ((exp (506 = 8) Jun(—w, 2155 (. 20)n(—w, 225 ))

w,0
(176)
where a = ay(z,2) € Q(2)[z][A"/?] is given by
1 o
@ = log (2025 1). (177)
We write similarly to Equation (34)
Un(—w, 2155 n(w, Zo)n(—w, 225"
2
= exp(Ay + wl((@ +y) + 2+ Lig(z12 ") (a+ 2) + Lio(z0)a + Lio(=225 ) (@ + 9)) + 5-(6 = 9))
X Yn(—w + a + 2, 255 n(w — a, Zo)yn(—w + a +y, 52 )
(178)
where Ag = Ags(z, 2) € 1Q(2)[z][A/?] is given by
L., . . Al : _ : : _
Ay = ﬁ(Lu(zle 1) + Liy(20) + Lia(2225 ") — Lia(2125 ") + Lia(20) — Lia(22251))
1
+ é(log(l — 21251 +log(1 — 29) +log(1 — 22,1)
—log(1 — 21251 +log(1 — 2p) + log(1 — 2225 1)) (179)

1
+ 712 (log(1 — 2125 M) (a + ) —log(1 — zp)a + log(1 — 2225 ") (a +y))
1 . -1 2 . ) . 1 9
— 5 (Lio(z1297)(a +2)" + Lio(z0)a” + Lio(222 ) (a + y)°)

Hence, ¥y (x, 21)n(y, 22) can be written as

e_%Ch(x, 21)Cr(y, 21) exp (%(log(g) —log(d)) + A())
X < exp <w((u +v) + 2a + Lig(2125 ') (a + u) + Lig(20)a + Lig(2225 1) (a + v))) (180)

X Pp(—w 4 a+x, 2125 ) n(w — a, Z0)n(—w, 22551>> :
w+a—+y,0

With the change of variables

Tz + Yz
w|—>w—|—a~|—az+y—1z—y2 (181)
0



PERTURBATIVE INVARIANTS OF CUSPED HYPERBOLIC 3-MANIFOLDS 45
combined with Equation (23) of Lemma 3.1, we obtain that

e 21 On(z,21)Ch(y, 21) exp (5 log(8) — log(8)) + 4o)

(x+y+6a+Lio(zlzgl)x—i-Lio(zzzgl)y)> (182)

exp (g(a+x+y—7m;yzl)2+ (a+a:+y—LQ;;yzl)

« <¢h(7w7y+ Tz + Yyz1 oczz-i-yz17‘20>¢h<7w7x+ :czz;i-yz17222071>> -
0

2azg o (wt ety +

Hence, in order to prove Equation (48) it remains to prove that the term in front of the
bracket simplifies to e~ 2i. For this, we use the definitions of Cj, (35) and Ay (179) to obtain

Tz + yzl)
<0

log(Ch(x, z1)) + log(Ch(y, 21)) + §(log(5) —log(d)) + Ao + g(a +x+y—

XTZo + Yz
—|—<a+:c—|—y—2—y1

1
= ﬁ( L12(21

. )(:L’—i—y—|—(5@—1—Lio(zlzal)x—l—LiO(zgzal)y))
0

L12(21> — ng(ég) + LIQ(ZQ) + ng(fléal) - Lig(leal)
") — Lia(20) + Lia(%225") — Lia(2225 1))

)+

+L12(

(—log(1 — 2) +log(1 — z1) — log(1 — 25) + log(1 — z5) + log d — log &
(

l\')lr—t

+1log(1 — 225") —log(1 — 2125 ") + log(1 — Zp) — log(1 — 20)
+log(1 — 5% ") —log(1 — 2% 1))

+ (- Tog(1 = 21)7 — log(1 — 2)y + (x + y)(l0g(=) — log(%,)
+1log(1 — 2125 (a4 ) —log(1 — z0)a + log(1 — 2225 ) (a + 1))
a_
2
< _Tmty 2) (m +y + Lig(2129 1)z + Lig(222 )y — = <I +y—

2 2

. _1\ L . _
— Lig(212, 1)5 — Lig(222 1)%

((5 LIO(ZIZO ) Llo(Z()) Lio(Zgzal))

Inserting the definitions of § (47) and é (175) and using the relations
1— 21250 = 20(1—21)z5 Y,
1— 220" = 21(1— z)25 0, (184)
1—20 = (1—2)(1 = 29),
and similar ones for Z;, 25 and Z; we obtain that the terms
1(— log(1 — 21) +log(1 — z1) — log(1 — 25) + log(1 — 25) + log d — log

2

+log(1 — 21251) — log(1 — 2125 ") + log(1 — 2) — log(1 — 2) (185)

+log(1 — %% ") —log(1 — 2% '))
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vanish. Furthermore, we have

0 — Lio(leo_l) — Llo(Zo) — LiO(ZQZO_I) = 2 (186)
as well as
)
(x +y— w) (x +y + Lig(2125 )2 + Lig(2025 )y — = (x +y— w))
20 2 <0
5 ) (187)
. T . -1\ Y
— Lig(2129 1)? — Lig (222, 1)3 = xv.
Therefore, Equation (183) simplifies to
1 C s : s : A Al . _
ﬁ<_ ng(zl) + LlZ(Zl) — LIQ(ZQ) + LIQ(ZQ) + L12<2120 1) — L12<2120 1)
+ ng(éo_l) — LIQ(Z()) + ng(ﬁg?:'o_l) — LIQ(ZQZ()_l))
1 .
+ (= log(1 = 21w — log(1 = 2)y + (& + y)(l0g(20) — log (%)) (188)
T log(1 — 2155 )(a + 7) — log(1 — z0)a + log(1 — 2225)(a + 1))
+a® + Ty.
Using the definition of a and the relations from Equation (184) we compute
1 N
7173 (—1og(l = z1)x —log(1 — 2)y + (z + y)(log(20) — log(Z,))
+1log(l — 2125 )(a + ) — log(1 — zo)a +log(1 — 2225 ' )(a +y))
+a® + Ty
1 R N
= 713 (@(log(z2) —log(%)) + y(log(z1) — log(%)) (189)

+ 2 (log(z0) (o8 (1) + log(22)) + log?(z0) — low(20) log () + log(22)))

1
= 7 (log(z2) log(20) + log(z1) log(z0) — log(21) log(22)
— log(%2) log(20) + log(%1) log(22) — log(21) log(Zo)).
Using the 5-term relation of the dilogarithm we obtain that the expression in Equation (188)

Liz(21) + Lia(22) — Lia(2125 ") — Lia(20) — Liz (2225 ") + log(22) log(20) + log(z1) log(z0) — log(z1) log(22)
— Lia(21) — Lia(%2) + Lia(2125 1) + Lia(45 ") + Lia (%225 1) — log(%2) log(20) — log(21) log(20) + log(21) log(%2).

(190)

vanishes. In particular, the terms in front of the bracket in Equation (182) simplify to e~
which concludes the proof of the last step of Theorem 3.6.

REFERENCES

[1] Jorgen Ellegaard Andersen and Rinat Kashaev. The Teichmiiller TQFT. In Proceedings of the Interna-
tional Congress of Mathematicians—Rio de Janeiro 2018. Vol. III. Invited lectures, pages 2541-2565.
World Sci. Publ., Hackensack, NJ, 2018.

[2] Jorgen Ellegaard Andersen and Rinat Kashaev. A TQFT from Quantum Teichmiiller theory. Comm.
Math. Phys., 330(3):887-934, 2014.



3]
[4]

[5]

22]
23]
24]
25]
26]
27]
28]

[29]

PERTURBATIVE INVARIANTS OF CUSPED HYPERBOLIC 3-MANIFOLDS 47

Scott Axelrod and Isadore Singer. Chern-Simons perturbation theory. II. J. Differential Geom.,
39(1):173-213, 1994.

Dror Bar-Natan, Stavros Garoufalidis, Lev Rozansky, and Dylan Thurston. The Arhus integral of ra-
tional homology 3-spheres. II. Invariance and universality. Selecta Math. (N.S.), 8(3):341-371, 2002.
David Bessis, Claude Itzykson, and Jean-Bernard Zuber. Quantum field theory techniques in graphical
enumeration. Adv. in Appl. Math., 1(2):109-157, 1980.

David Boyd, Nathan Dunfield, and Fernando Rodriguez-Villegas. Mahler’s measure and the dilogarithm
(IT). Preprint 2003, arXiv:0308041.

Benjamin Burton. Regina: Normal surface and 3-manifold topology software. http://regina.
sourceforge.net.

Marc Culler, Nathan Dunfield, and Jeffrey Weeks. SnapPy, a computer program for studying the topol-
ogy of 3-manifolds. Available at http://snappy.computop.org (30/01/2015).

Jesus A. De Loera, Jorg Rambau, and Francisco Santos. Triangulations, volume 25 of Algorithms and
Computation in Mathematics. Springer-Verlag, Berlin, 2010. Structures for algorithms and applications.
Tudor Dimofte. Perturbative and nonperturbative aspects of complex Chern-Simons theory. J. Phys.
A, 50(44):443009, 25, 2017.

Tudor Dimofte and Stavros Garoufalidis. The quantum content of the gluing equations. Geom. Topol.,
17(3):1253-1315, 2013.

Tudor Dimofte, Sergei Gukov, Jonatan Lenells, and Don Zagier. Exact results for perturbative Chern-
Simons theory with complex gauge group. Commun. Number Theory Phys., 3(2):363-443, 2009.

David B. A. Epstein and Robert C. Penner. Euclidean decompositions of noncompact hyperbolic man-
ifolds. J. Differential Geom., 27(1):67-80, 1988.

Pavel Etingof, Oleg Golberg, Sebastian Hensel, Tiankai Liu, Alex Schwendner, Dmitry Vaintrob, and
Elena Yudovina. Introduction to representation theory, volume 59 of Student Mathematical Library.
American Mathematical Society, Providence, RI, 2011. With historical interludes by Slava Gerovitch.
Ludwig Faddeev. Discrete Heisenberg-Weyl group and modular group. Lett. Math. Phys., 34(3):249-254,
1995.

Ludwig Faddeev and Rinat Kashaev. Quantum dilogarithm. Modern Phys. Lett. A, 9(5):427-434, 1994.
V. V. Fok and Leonid Chekhov. Quantum Teichmiiller spaces. Teoret. Mat. Fiz., 120(3):511-528, 1999.
Stavros Garoufalidis, Craig Hodgson, Hyam Rubinstein, and Henry Segerman. 1-efficient triangulations
and the index of a cusped hyperbolic 3-manifold. Geom. Topol., 19(5):2619-2689, 2015.

Stavros Garoufalidis and Seokbeom Yoon. 1-loop equals torsion for fibered 3-manifolds. Preprint 2023,
arXiv:2304.00469.

Stavros Garoufalidis and Don Zagier. Knots and their related g-series. Preprint 2023, arXiv:2304.09377.
Stavros Garoufalidis and Don Zagier. Knots, perturbative series and quantum modularity. Preprint
2021, arXiv:2111.06645.

Stavros Garoufalidis and Don Zagier. Asymptotics of Nahm sums at roots of unity. Ramanujan J.,
55(1):219-238, 2021.

Sergei Gukov. Three-dimensional quantum gravity, Chern-Simons theory, and the A-polynomial. Comm.
Math. Phys., 255(3):577-627, 2005.

Kazuhiro Hikami. Generalized volume conjecture and the A-polynomials: the Neumann-Zagier potential
function as a classical limit of the partition function. J. Geom. Phys., 57(9):1895-1940, 2007.

Rinat Kashaev. A link invariant from quantum dilogarithm. Modern Phys. Lett. A, 10(19):1409-1418,
1995.

Rinat Kashaev. Quantization of Teichmiiller spaces and the quantum dilogarithm. Lett. Math. Phys.,
43(2):105-115, 1998.

Rinat Kashaev. Beta pentagon relations. Theoret. and Math. Phys., 181(1):1194-1205, 2014. Russian
version appears in Teoret. Mat. Fiz. 181, (2014), no. 1, 73-85.

Sergei Matveev. Transformations of special spines, and the Zeeman conjecture. Izv. Akad. Nauk SSSR
Ser. Mat., 51(5):1104-1116, 1119, 1987.

Walter Neumann and Don Zagier. Volumes of hyperbolic three-manifolds. Topology, 24(3):307-332, 1985.


https://arxiv.org/abs/math/0308041
http://regina.sourceforge.net
http://regina.sourceforge.net
http://snappy.computop.org
https://arxiv.org/abs/2304.00469
https://arxiv.org/abs/2304.09377
https://arxiv.org/abs/2111.06645

48

STAVROS GAROUFALIDIS, MATTHIAS STORZER, AND CAMPBELL WHEELER

[30] Joseph Oesterlé. Polylogarithmes. Number 216, pages Exp. No. 762, 3, 49-67. 1993. Séminaire Bourbaki,

Vol. 1992/93.

[31] Marko Petkovsek, Herbert Wilf, and Doron Zeilberger. A = B. A K Peters Ltd., Wellesley, MA, 1996.

With a foreword by Donald E. Knuth, With a separately available computer disk.

[32] Riccardo Piergallini. Standard moves for standard polyhedra and spines. Number 18, pages 391-414.

1988. Third National Conference on Topology (Italian) (Trieste, 1986).

[33] Nicolai Reshetikhin and Vladimir Turaev. Invariants of 3-manifolds via link polynomials and quantum

groups. Invent. Math., 103(3):547-597, 1991.

[34] William Thurston. The geometry and topology of 3-manifolds. Universitext. Springer-Verlag, Berlin,

1977. Lecture notes, Princeton.

[35] Marius van der Put and Michael Singer. Galois theory of linear differential equations, volume 328 of

Grundlehren der mathematischen Wissenschaften [Fundamental Principles of Mathematical Sciences].
Springer-Verlag, Berlin, 2003.

[36] Herbert Wilf and Doron Zeilberger. An algorithmic proof theory for hypergeometric (ordinary and “q”)

multisum/integral identities. Invent. Math., 108(3):575-633, 1992.

[37] Edward Witten. Quantum field theory and the Jones polynomial. Comm. Math. Phys., 121(3):351-399,

1989.

[38] Edward Witten. Quantization of Chern-Simons gauge theory with complex gauge group. Comm. Math.

Phys., 137(1):29-66, 1991.

[39] Don Zagier. The dilogarithm function. In Frontiers in number theory, physics, and geometry. II, pages

3-65. Springer, Berlin, 2007.

INTERNATIONAL CENTER FOR MATHEMATICS, DEPARTMENT OF MATHEMATICS, SOUTHERN UNIVER-

SITY OF SCIENCE AND TECHNOLOGY, SHENZHEN, CHINA
http://people.mpim-bonn.mpg.de/stavros

Email address: stavros@mpim-bonn.mpg.de

MAX PLANCK INSTITUTE FOR MATHEMATICS, VIVATSGASSE 7, 53111 BONN, GERMANY

http://guests.mpim-bonn.mpg.de/storzer

Email address: storzer@mpim-bonn.mpg.de

MaX PLANCK INSTITUTE FOR MATHEMATICS, VIVATSGASSE 7, 53111 BONN, GERMANY

http://guests.mpim-bonn.mpg.de/cjwh

Email address: cjwh@mpim-bonn.mpg.de


http://people.mpim-bonn.mpg.de/stavros
http://guests.mpim-bonn.mpg.de/storzer
http://guests.mpim-bonn.mpg.de/cjwh

	1. Introduction
	2. Preliminaries
	2.1. The Faddeev quantum dilogarithm
	2.2. Neumann–Zagier data
	2.3. Geometric aspects

	3. Formal Gaussian integration
	3.1. Basics on formal Gaussian integration
	3.2. q-holonomic aspects of psi
	3.3. Fourier transform of psi
	3.4. Pentagon identity for psi
	3.5. Inversion formula for psi

	4. Elementary invariance properties
	5. Invariance under the choice of quad
	6. Invariance under Pachner moves
	6.1. The case of B with full rank
	6.2. The case of B with nullity one
	6.3. The case of B with nullity two

	7. The series of the simplest hyperbolic 4_1 knot
	Acknowledgements
	Appendix A. Complements on the Fourier transform
	Appendix B. Complements on the pentagon identity
	References

